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Selective Service 


N the basis of nation-wide reports, the general prac- 

tice of giving occupational deferment (Class II B) 
to physicists and to college students preparing in physics 
has become well established by local draft boards. This is 
very noteworthy. While it is now well recognized that 
physicists are engaged in a profession which is at the very 
heart of defense, this was not obvious in the early days of 


the Selective Service System. Or rather it was obvious: 


only to a limited number of persons intimately familiar 
with the demands made of science by modern warfare. 
Thus the establishment of this nearly universally accepted 
policy speaks well for the judgment of those making up 
the Boards. They can now feel that their judgment is 
confirmed as being in the best interests of the nation. 

The basis for the deferment of certain individuals is 
contained in Section 5 (c) of the Selective Service Act 
and in paragraphs 350-353 of the Regulations of the Se- 
lective Service System. While the deferment of any occu- 


and the Physicist 


from unnecessary interruptions by carrying out . . . the 
intent of . . . (the) phrase which provides for the defer- 
ment of those ‘in preparation or training’ for a necessary 
occupation in an activity necessary to the national in- 
terest.’"' And more specifically, regarding students, “If a 
local board determines,that a particular student registrant 
is in training to perform a function which the national 
interest requires should be performed, and that at the 
time such student will begin to perform that function there 
will be a shortage of persons qualified to perform such 
function, it should defer such student.’” 

The problem with which the local boards are faced is 
that of knowing which are the “‘necessary fields of activi- 
ties,’’ and those in which a shortage of personnel already 
exists or is imminent and whether an individual is already 
or will shortly become a “‘worker”’ in these fields. 

Various memoranda,’® issued by General Hershey to 
State Directors, discuss this problem with respect to 








pational group, as such, is 
specifically forbidden, provi- 
sion is made for the deferment 
of ‘‘necessary men’’ and per- 
sons in the process of becom- 
ing, through training or prep- 
aration, “necessary men.”’ 
This includes persons whose 
induction into the armed ser- 
vices would impede, through 
inability to replace them or in 
other ways, national defense. 

The following excerpts from 
communications issuing from 
Selective Service Headquar- 
ters are indicative of the gen- 
eral occupational deferment 
policy. ““Any unnecessary ag- 
gravation of existing short- 
ages of necessary workers in 
defense activities can be pre- 
vented by carrying out the 
intent of Paragraph 352b of 
. « | Also, 
“The national industrial train- 
ing program can be protected 


the Regulations. . 








HE erroneous argument has sometimes 

been advanced that the importance of 
physics in modern war is a reason why 
physicists should not be deferred from 
Selective Service—that the Army needs 
them. This argument must be dismissed at 
once. It is true that the Army and Navy 
need many physicists but they find it neces- 
sary to select them by name for their par- 
ticular special ability. They select them 
direct—not through the Selective Service 
System. The National Roster of Scientific 
and Specialized Personnel in the Executive 
Office of the President and other profes- 
sional agencies are giving abundant and 
competent help in staffing the armed forces 
with physicists. Already well over 10 percent 
of the entire profession is enlisted in or 
working directly for the Army and Navy 
and a much greater number for Govern- 
ment departments and bureaus conducting 
military research for the armed forces. 








various fields. Such a memo- 
randum, issued April 22, 1941, 
after discussing the results of 
a survey made by the Bureau 
of Labor Statistics, com- 
ments: “The following are 
professional occupations in 
which authorities allege that a 
shortage will exist, but which 
have not yet been studied by 
the Bureau. However, there 
is complete agreement . 
that the present and future 
demands of the national de- 
fense program for college 
trained scientific personnel 
will transcend the normal sup- 
ply of graduating students. 
. 8 The list which follows 
includes physics aniong others. 
Later data completely 
verify the existence of the 
“alleged”’ shortage of physi- 
cists. For example, a list of 
“Occupations Important in 
the National Defense Program 








. . « in which it is Expected that the Demand Currently 
Exceeds or in the Immediate Future Will Exceed the 
.."t issued by the Office of Production Manage- 
circulated by the Selective Service System 
includes the occupation of Physicist. This alone provides 


Supply 
ment and 


a sufficient basis for the classification of physicists as 


“ 


necessary men” but there is additional evidence from 
other sources. 

The demand for physicists in national defense is illus- 
trated and a shortage is indicated by various statements 
and letters of the United States Civil Service Commission. 
For example, a letter dated September 26, 1941, and re- 
ceived by the American Institute of Physics (among others) 


includes the following: 


“The number of Junior Physicists on the employment 
lists of the Commission is not sufficient to meet the needs 
of the government. . . . Attention is called to the provi- 
sion for the acceptance of applications from senior students 
if otherwise qualified, who show that they expect to com- 
plete the required college course. . . .”’ 


A letter from the Commission dated September 17, 1941, 
and addressed to “Members of the Physics Profession” 
states in part ‘An examination has been announced by 
the Civil to recruit technical and 
scientific aids for Various Government agencies. Men and 


Service Commission 


women are needed to do research and testing in physics, 
chemistry, radio, explosives, fuels and metallurgy. 
Study in physics is not only qualifying for the physics 
option, but may also be used for the assistant grade of the 
radio option.” 

In a relatively recent statement entitled, ‘‘Fields in 
which recruiting difficulties are anticipated,” issued by 
the Civil Service Commission to “furnish educational insti- 
tutions information which will assist them in planning 
their work ... and in guiding students with proper 
aptitudes to those fields in which the Government is 
having particular difficulty in securing personnel ao 
tabulation is presented showing “estimates of appoint- 
ments in a selected number of fields made during the fiscal 
year ending June 30, 1941, and estimates secured from 
defense agencies of their requirements .” for the next 
two years.‘ Physics is included prominently in this tabula- 
tion and it is indicated that future needs are expected to 
be somewhat greater than those of the past year. 


Another authoritative source of information, the Office 
of Scientific Personnel, established cooperatively by the 
National Research Council and the National Defense Re- 
search Committee, has very recently conducted, with the 
assistance of the American Institute of Physics, a study of 
the current degree of mobilization of physicists for national 
defense work. A report of the findings of this survey shows 
that a high proportion (as high as 73 percent of one group 
selected for analysis)® of the fully qualified physicists of 
the country are already engaged in defense work. ‘‘Such 
figures should be considered not only as revealing the 
extent to which physicists have been mobilized for defense, 
but also as emphasizing the blow to the American educa- 
tional system in which physics teachers are needed to train 
other physicists, and also to assist in the training of stu- 
dents of medicine, chemistry, and engineering.’’ Certainly 
the high percentages of men already mobilized points to a 
dangerously low reserve of manpower in physics. 

President James B. Conant, of Harvard, now Chairman 
of the National Defense Research Committee, has clearly 
indicated the place of physics in the present defense effort. 
Writing in a recent issue of the News Edition of the 
Journal of the American Chemical Society,’ he emphasizes 
the importance of chemists and chemical research in na- 
tional defense and then states that so far as the present 
“This is a 
physicist’s war rather than a chemist’s. For the present, at 


state of matters in research is concerned, 


least, there appear to be more investigations of a physical 
nature than there are chemical military problems.” 

It is therefore highly evident that the interests of the 
nation have been best served by adherence to the policy of 
deferment of physicists and of students in training for 
this profession and that a continued following of this 
policy on the part of local boards is of vital importance. 


G. H. B. 
Hm. A. B. 


1 Selective Service Circular Number 3, May 24, 1941. 

2Selective Service System, Memorandum to All State Directors, 
1-244, September 16, 1941. 

3 Memoranda to All State Directors, 
I-62, I-135, 1-244, I-247, and 1-256. 

Memorandum, April 22, 1941, I-62. 

4 Undated, referred to in Bulletin No. 17, American Council on 
Education, Higher Education and National Defense, as having been 
sent to the presidents of all colleges and universities. 

5 Rev. Sci. Inst. 12, 525 (1941). 

6 News Edition, J. Am. Chem. Soc. 19, 1237 (1941). 
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Physics in 1941 


By THOMAS H. OSGOOD 
Michigan State College, East Lansing, Michigan 


I 


As through the streets at eve we went— 
It might be half past ten— 

Oh! we fell out, my friend and I 

About the cube of (x+y) 

And made it up again. 


And blessings on the fallings out 

Between two learned men 

Who fight on points which neither knows, 
Who talk but never come to blows, 

And make it up again! 


O we used to sing as undergraduates, happily 
unaware of the significance of the topics on 
which our professors were wont to disagree. In 
passing, one heaves an academic sigh of regret 
that all differences of opinion, however mo- 
mentous, cannot be debated and adjusted by the 
amicable and civilized methods which character- 
ize scientific controversy. A case in point which 
has recently added new interest to the study of 
x-rays and crystals is the occurrence of unex- 
pectedly strong reflections in directions which 
are not accounted for by elementary theory. 
These anomalous reflections are found both when 
the Laue method and when the Bragg method 
of x-ray diffraction are used. The actual observa- 
tion of spots and streaks which do not fit into 
a Laue pattern is a matter of many years’ 
standing, but it has been customary to pass them 
off rather lightly in some quarters as due to 
irregularities in the mosaic structure or in the 
surface structures of individual crystals. Only 
recently have attempts been made to devise 
experiments which accentuate the intensity of 
these anomalous reflections. As soon as this was 
done, it became apparent that the spots were 
not due to accidental variations from one crystal 
to the next, but that they represented some 
special scattering property of crystals in general. 
It is not possible to give here any logical sketch 
of the theories involved, but a few facts will 
indicate the present situation. 
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When a monochromatic beam of x-rays falls 
on a crystal face, the crystal acts merely as an 
absorber and scatterer unless the Bragg relation 
n\=2d sin @ is satisfied. In the latter case, of 
course, a very strong reflection, or scattering in 
a preferred direction, takes place. But no beam 
of radiation is perfectly monochromatic, x-rays 
scarcely ever come in parallel beams, and crystals 
are not perfect. For these three reasons the 
x-radiation reflected by a crystal at the Bragg 
angle can never be in the form of an infinitely 
narrow pencil, but possesses a finite width. 
Under ordinary experimental conditions, reflec- 
tion is easily detected half a degree from the 
Bragg angle even in the case of so-called perfect 
crystals like diamond or calcite. If a calcite 
cleavage face be lightly ground, so as to increase 
the total reflected power, the range of reflection 
increases about 10-fold on account of the 
randomness introduced into the orientation of 
the surface particles.! It is therefore necessary 
to use specially good cleavage surfaces in the 
investigation of anomalous reflections near. the 
Bragg angle. 

An experiment of Siegel’s? will illustrate the 
occurrence of such reflections. A KCl crystal 
was found which had so perfect a cleavage face 
that a rotation of the crystal through 6 minutes 
of arc in either direction from the Bragg angle 
for the copper Kajaz radiation was almost 
enough to suppress the reflection of the character- 
istic copper lines. The crystal was mounted in a 
Bragg spectrometer in the usual way; the 
graduated circles were accurate to 1 minute or 
better, and the customary ionization chamber 
was replaced by a photographic plate. The 
crystal was then set so that it was, let us say, 
20 minutes away from the Bragg angle, and a 
long exposure, perhaps 20 hours, was made. 
The Bragg reflection was, of course, recorded on 
the photographic plate, but only with reasonable 
intensity in spite of the long exposure, because 
of the slight offsetting of the crystal. Very close 
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to the Bragg spot in this exposure appeared 
another, rather more fuzzy, but of comparable 
intensity. Referring to Fig. 1, suppose that 
radiation from a copper target were incident 
along BC on the crystal, and that the Ka rays 
would then be reflected along CB’. Then BCB’ 
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F1G. 1. Reflection of monochromatic x-rays from a crystal 
face ACA’, showing the direction of the diffuse reflection 
CD in relation to the Bragg reflection CB’. 


represents the ordinary Bragg reflection. With 
no other geometry could the reflected intensity 
be greater. The angles BCA, B’CA’ are, of 
course, equal. Now suppose that the crystal is 
offset a little, and that the incident radiation 
falls on the crystal along RC. Some: faint reflec- 
tion still occurs, along CR’, with the angles RCA 
and R’CA’ still equal. But another reflection 
occurs along CD, causing a fuzzy spot to appear 
rather close to R’, but always between R’ and B’. 
It is this diffuse reflection over which there has 
been so much argument—not about its occur- 
rence, but about its interpretation. A pictorial 
idea of the phenomenon can be obtained from 
Fig. 2, which was taken with an arrangement 
like that of Fig. 1. The spots CL, a, in any strip 
of Fig. 2 are found in the directions R’, D of 
Fig. 1. Diffuse spots are also shown in an even 
more striking manner by two equal-scale photo- 
graphs (Figs. 3 and 4) reprinted from a paper by 
Gregg and Gingrich.* One print was made, as 
in an ordinary Laue photograph, with continuous 
radiation ; the other with monochromatic radia- 
tion. In the latter case the Laue spots are 
suppressed, and the diffuse spots, caused by 
monochromatic radiation, stand out prominently 
against the background. 

In discussing their own experiments on the 
subject, Raman and Nilakantan‘ state: ‘‘We 
presented evidence proving conclusively that 
the lattice planes in a crystal give a second kind 
of geometric reflection of x-rays which we 


+ 


designated as the modified or quantum reflection, 
to distinguish it from the unmodified or classical 
reflection discovered by Laue and his collabo- 
rators in 1912. The process which results in the 
modified reflection was clearly established by the 
experimental results in the cases studied by us. 
In the language of classical optics, a modified 
reflection by the lattice planes results from the 
dynamic variation of their structure amplitude 
consequent on an oscillation, relative to each 
other, of the interpenetrating lattices in the 
structure of the crystal. In the act of such 
reflection, the primary x-ray frequency is altered 
by the addition or subtraction of one or another 
of the characteristic infra-red frequencies of the 
crystal. In the language of quantum mechanics, 
the modified reflection represents an inelastic 
collision of the photon with the crystal in which 
the two exchange energy.”’ 

Zachariasen, however, has been developing 
the theory of the diffuse scattering of x-rays by 
crystals which accounts generally for the radial 
streaks frequently found on Laue photographs. 
He finds theoretically that under appropriate 
conditions, the intensity along these streaks may 
increase and decrease so fast that a streak is 
recorded merely as a spot, the position of the 
spot being calculable for a particular wave-length 
in terms of the Bragg angle and the glancing 
angle of incidence. He shows too, from a re- 
measurement of some of Raman and Nilakantan’s 
photographs with rocksalt and diamond crystals, 
that the positions of the spots found by the 
Indian authors are very satisfactorily accounted 
for by his own theory. He even goes so far as to 
say that “there seems to be no acceptable basis 
for the assertion of Raman and Nilakantan that 
the theory of diffuse scattering is incapable of 
giving the correct the diffuse 
maxima. There is thus no experimental justifica- 
tion for the statement that the effect described 
by Raman and Nilakantan (observed earlier by 
others) is not a diffuse scattering phenomenon.” 

In their latest contribution to the discussion, 
Raman and Nilakantan energetically contradict 
the suggestion that the phenomenon dealt with 
by them is explicable as ‘‘diffuse maxima in the 
scattering of x-rays by elastic waves of thermal 
origin,’ and to support their contention, consider 
the following three points. First, the intensity 
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of the scattering of x-rays by elastic waves of 
thermal origin is theoretically proportional to 
the total number of atoms effective in scattering, 
and the effects due to this type of scattering 
would therefore be very small unless large 
volumes of a crystal were involved. But their 
effect can be recorded under the same experi- 
mental conditions as the Bragg reflection, and 
with narrow beams and thin crystals. Second, 
according to Raman and Nilakantan’s interpreta- 
tion of Zachariasen’s theory, the scattering 
coincides with the Bragg direction, and in such 
circumstances, becomes indistinguishable from 
it. At all other angles, they maintain, the 
maximum should be smeared out, and no longer 
appear as one sharp spot. Nevertheless, the 
anomalous spots which they themselves observe 
are still fairly sharp even when the crystal is 
set as much as 10° from the position appropriate 
for classical scattering. Third, since the diffuse 
scattering depends on the thermal vibrations of 
atoms, the scattered intensity should be sensitive 
to changes in the temperature of the crystal. 


i) 





Fic. 2. Three examples of diffuse reflection of x-rays. 
Copper K radiation with a weak background of general 
radiation was incident at glancing angles of about 36°, 
31°, and 28° on a 100 cleavage face of rocksalt in strips 
numbered 1, 2, 3, respectively. The diffuse 400 reflections 
of the Ka- and K8-rays are indicated by a and 8. The 400 
Laue spots are labeled CL. The narrow lines on the ex- 
treme left are fiducial marks at the positions of the 200 
Bragg reflection of the Ka line. (Courtesy of G. E. M. 


* Jauncey.) 


However, their observations with diamond 
crystals at ordinary and at liquid-air tempera- 
tures show very little dependence of the intensity 
upon temperature. This report may well be 
contrasted with that of Baltzer,® who finds, in 
the case of rocksalt, a strong dependence of 
the diffuse spot intensity on temperature. 
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In the discussion of these experiments and 
theories, Jauncey and others bring out some 
significant points. ‘“‘According to Zachariasen 
the elastic waves are a consequence of the 
thermal agitation of the atoms in the crystal as 
in Debye’s theory of the specific heats of solids. 
According to Raman and Nath the elastic waves 
are excited by the incident x-rays by means of a 
quantum process,” but it seems to be agreed by 
others that these investigators offer no indis- 
putable proof of the change in frequency which 
is a basic part of their theory. An approximate 
equation which gives the positions of the 
modified reflections, and which fits experimental 
results well for rocksalt, for diamond, and for 
sylvine ‘‘can be obtained by at least two—if not 
three—different theories,’’ and therefore cannot 
be used, unless in a more exact form, to force a 
decision. Not only will it be necessary to give 
more study to the intensities as well as to the 
positions of the spots before a choice between the 
theories can be made, but the theories themselves 
will have to undergo some reinterpretation. 

In a recent letter to Nature, K. Lonsdale® 
gets right to the heart of the matter. According 
to her, the reason why many different assump- 
tions (the existence of small groups of atoms, of 
waves of the Raman type, of elastic heat waves) 
give in the various theories the same formula for 
the displacement of the anomalous spot from 
the center of the Bragg reflection, is that in the 
derivation of the formula it is assumed that the 
spreading of the intensity of reflecting power 
around each reciprocal lattice point is inde- 
pendent of direction. The simple formula usually 
quoted is just a geometrical way of expressing 
the fact that near the reciprocal lattice points 
the distribution is spherical. Actually, at greater 
distances the distribution is far from spherical, 
though the actual shape is not known. Even 
Raman and Nath’s more general formula is 
simply a way of expressing a geometrical 
relationship. The interpretation of the observa- 
tions according to one theory or the other is 
therefore a matter of choice, for it cannot prove 
that any one is to be preferred. What is needed 
is more information concerning the effects of 
elasticity, crystal perfection, temperature, etc., 
on the positions of the anomalous spots; and 
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some increase in accuracy, for at the moment of 
writing the agreement of calculated with ob- 
served positions is termed excellent when no 
difference greater than 5 or 10 minutes of arc 
is found. 


New ways have been found of accomplishing 
the fission of heavy atoms. From the University 
of Rochester, Dessauer and Hafner’ report the 
fission of uranium and of thorium by protons. 
In their principal experiments, they allowed a 
beam of 6.9-Mev protons from a cyclotron, 
shown in Fig. 5, to fall on a 10-mil sheet of 





Fic. 3. Laue pattern of rocksalt, for comparison with 
Fig. 4. Some diffuse scattering is visible in the form of 
streaks, due to the multiplicity of wave-lengths in the 
radiation. (Courtesy of N. S. Gingrich.) 


thorium, which was too thick to be penetrated 
either by the proton beam or by fission frag- 
ments. If protons caused fission, therefore, only 
the front face of this 10-mil thorium sheet could 
release fission fragments. It was necessary, 
however, to anticipate the possibility that the 


impinging protons might cause a proton-neutron 


reaction in the heavy metal. The neutrons thus 
created would, of course, be able themselves to 
cause fission. However, since neutrons can pene- 
trate even such a heavy metal as thorium with 
some ease, any neutron-induced fission would 
take place almost anywhere in the 10-mil thorium 
sheet. As a result, if the fission in this experiment 
was a secondary process due to the incidental 
creation of neutrons, then fission products could 
be collected not only from the front of the 
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thorium sheet, but also from the back. Dessauer 
and Hafner found that no fission fragments 
emerged from the back of the 10-mil thorium 
sheet, but from the front there came recoiling 
fragments which could be collected on a suitable 
aluminum foil placed a short distance away. 
As might be expected, the decay curve of the 
recoil fragments caught on the aluminum foil 
was such as to indicate the presence of many 
different periods. The threshold energy for 
thorium fission by protons was found to be at 
5.8 Mev. 

Since the specific charge of alpha-particles is 
only half that of protons it would not be reason- 
able to expect the former to be able to enter 
the nuclei of heavy atoms unless their energies 
were considerably in excess of the threshold 
quoted above for protons. The potential barrier 
of a uranium atom, for an incident alpha- 
particle, is estimated to be nearly 30 Mev, an 
energy which happens to be within the range of 
the 60-inch cyclotron of the Crocker Radiation 
Laboratory. Using this instrument, Fermi and 
Segré® bombarded ammonium uranate with 32- 
Mev alpha-particles, finding among the products 
several tell-tale isotopes of iodine and tellurium 
which definitely establish the fission of uranium 
by this bombarding agent. 

Neutrons, deuterons, gamma-rays, protons, 
alpha-particles—an impressive list containing 
all the simple massive particles—are now known 
to be effective in splitting heavy elements. The 
probabilities of the separate processes do not 
differ by more than a few powers of ten, as 
Table I shows. The detection of the smaller 
cross sections listed is almost at the limit of 
present-day technique. 

The fission fragments of uranium (235) under 
impact of slow neutrons include both stable and 
unstable isotopes of the elements numbered 35 
to 43 and 51 to 57, inclusive. Those which are 
unstable decay as beta-rayers, thus constituting 
a number of radioactive series. Decay periods 
have been measured with some accuracy, and in 
about half of these cases, chemical analyses and 
information from the field of artificial radio- 
activity have led to the identification of the 
nature and the isotopic number of the element 
responsible for a particular rate of decay. Until 
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the work of Anderson, Fermi, and von Grosse® 
was published, however, only the roughest 
qualitative estimates were available concerning 
the proportions of fission fragments which 
followed each of these radioactive series. These 


TABLE I. Experimental cross sections for fission. 


Energy U Th 


Particle Mev cm? cm? 
Neutron Thermal 3x 10-%4 
Neutron 0.2 1x10-% 
Neutron 0.5 6x 10~%6 
Neutron 1-10 5x 107% 1x 107% 
Neutron >10 7X 107% 1.4x10-% 
Proton 6 >1>X 10-28? 1X 10-28? 
Deuteron 8 4x 10°27 3x 10-77 
Deuteron 9 2.2<10-* 1.5x<10-% 
Alpha 32 
Photon 6.3 3.5 X 10°27 1.7 10-27 
Photon 17 3x 10°27? 1.5 10-27? 


investigators separated one convenient member 
from each of a number of these known radio- 
active series, and compared the 8-ray counts 
from a known quantity of each. The probability 
of the occurrence, or branching ratio, of a 
particular radioactive series from the slow 
neutron fission of uranium could then be found. 
As an indication of the results, it will be recalled 
that the following three sequences, among many 
more, occur in the decay of the fission products: 


sib”? — (80 hr.)—>52Te!?? — (10 hr.) 
—531!?7 (stable), 
52! e!!— (25 min.)—531%!— (8 days) 
—s5,Xe! (stable), 
54e!9 — (30 sec.)—>55Cs® — (6 min.) 
— «Ba! — (86 min.)—5;;La! (stable). 


The branching ratios turned out to be 0.18, 1.6, 
and 6.4 percent, respectively. All told, these 
three workers investigated 9 of the 12 series 
known among the heavy products of fission, 
and one among the light products. The sum of 
the branching ratios of all 12 of the heavy- 
product series should be 100 percent. The actual 
sum of the 9 which were examined comes to 
only about 50, so the remaining 50 must be 
accounted for either by the 3 not studied, or 
else by other series not yet discovered. 

When neutrons of energy less than 10 Mev are 
used to bombard uranium, the resulting fission 
fragments all have atomic numbers between 35 
and 57, but none occur with atomic numbers 44 
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to 50, inclusive. This unsymmetrical fission will 
undoubtedly have important theoretical implica- 
tions, particularly in conjunction with the recent 
experimental findings of Nishina, Yasaki, Ki- 
mura, and Ikawa.” These authors find that with 
increased neutron energy, the fission may take 
place in a more symmetrical manner, though the 
proportion of symmetrical fragments is relatively 
small even with the 17-Mev neutrons from the 
Li(d, n)Be reaction. Among the elements now 
found in the 44-50 gap (and these have been 
checked by Segré and Seaborg") are 4gPd!" and 
46Pd'” which decay as beta-rayers through 4;Ag!™ 
and 4;Ag"™ to stable 4sCd™ and 4sCd!", respec- 
tively. In addition, the Japanese workers found 
Ru (44) and Rh (55) fragments after bombarding 
pure uranium oxide with more than 100 micro- 
ampere hours of fast neutrons. To achieve this 
identification it was necessary first to separate 
rhodium (as a metal) and ruthenium (as a 
sulphide) from the sample of uranium oxide. 
Then each of these was carefully purified to be 
sure that none of the more abundant fission 
products such as molybdenum, palladium, silver, 
cadmium, antimony, tellurium, iodine, cesium, 
barium, and lanthanum remained. When this 
was done, the rhodium fraction showed one 
34-hour period, while the ruthenium showed two, 
of 4 and 60 hours. Since Nishina and his col- 
leagues also found an indium isotope, the only 
element of atomic number 35 to 57, inclusive, 
not yet reported among the fission fragments 
is Sn (50). 





Fic. 4. Companion pattern to Fig. 3. Monochromatic 
Mo Ka-radiation was used in place of polychromatic 
radiation. The spots here are due to diffuse scattering of 
the monochromatic radiation. They are not Laue spots. 
(Courtesy of N. S. Gingrich.) 








It has been known for more than two years 
that the fission fragments of uranium fall into 
two groups, as judged by their ability to ionize 
gases.Corresponding to this method of grouping, 
the fragments were found to have ranges in air 
of 1.5 and 2.2 cm. The researches which have 
conducted under Bohr’s 
that a distinction 
between the light and heavy fragments can be 
made from cloud chamber observations. It might 
be thought that there should be no ambiguity 
in deciding from cloud-chamber pictures, such 
as Béggild, 


been guidance at 


Copenhagen show similar 


and Lauritsen™ have 
made, which tracks belonged to one group and 
which to the other. But there are two difficulties 
which prevent such a direct identification. First, 
though the most commonly occurring fragments 
have masses in the ratio of about 3 : 2, yet the 
mean ranges in air of these particles appear to 


Brostrom, 





branches on the tracks, in a specified section of 
each, is a reliable guide in separating the groups, 
the heavier fragment having a shorter track and 
more branches than the lighter. The figures for 
the derived from the cloud-chamber 
observations reduced to standard air by the rules 
which are applicable to alpha-particles are 19 
and 25 mm (in argon) and 23 and 30 mm (in 
helium). Setting beside these the 15- and 22-mm 
ranges quoted above, it is clear that there are 
still some discrepancies to be explained between 


ranges 


the relative stopping powers of different gases 
for the fission fragments, although the main 
features of the slowing down process of these 
heavy particles have been well established. 

The act of fission by neutrons is presumed to 
proceed along the following lines. A neutron is 
temporarily captured by the heavy nucleus, 
raising it to an excited state. Then, one of two 








be more nearly in the ratio 4 : 3. The inherent 
stopping power of a thin layer of uranium, 
though amounting to less than ten percent of the 
range, nevertheless tends to make the grouping 
less obvious. Second, in each group the straggling, 
which the incidental 
variation from the mean range, is large, much 
larger than for alpha-particles. In classifying 
the fragments, therefore, the actual length of a 
track is of little value and some other criterion 
must be used. It turns out that the number of 


may be described as 


8 


Fic. 5. 7-Mev protons emerg- 
ing from the Rochester cyclotron. 
A short distance before the end 
of its range in air the beam is par- 
tially intercepted by a fluorescent 
screen. (Courtesy of G. Dessauer.) 


things may happen; either a neutron is emitted, 
or the nucleus divides. With variation in the 
incident neutron energy, and therefore in the 
state of excitation, the relative probabilities of 
these two happenings will change. In particular, 
if a large incident neutron energy elevates the 
U*® nucleus to a high state of excitation, neutron 
emission will occur, but it may also happen that 
the remaining U*** nucleus is still in such a high 
state of excitation that it will itself undergo 
fission. Now the higher the state of excitation of 
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U8, the more likely is fission to occur in com- 
parison with neutron emission. Therefore, if we 
admit the possibility of fission of both U*** and 
U8 an increase in the cross section for fission 
may well be expected with increasing neutron 
energies. The available experimental evidence 
bears only indirectly on the details of the fission 
process, but the scheme outlined here™ accounts 
well for the observation of Ageno, Amaldi, and 
others!’ that the cross section for fission in 
uranium by neutron impact remains practically 
constant for neutron energies from about 1 Mev 
to 10 Mev, but that it increases considerably 
for neutrons with still higher energies. A sum- 
mary of these results is found in Table I. 


Carbon has two stable isotopes, C® and C®, 
whose abundances'® are 98.9 and 1.1 
Using these figures we find that C” 
90.0 times as abundant as C™. A mass-spec- 
trometer study of the relative abundances of 
C® and C® recently completed by Murphey and 
Nier!’ discloses however, that the C?/C® ratio 
varies from 89.2 to 93.1 depending on the source 
of the carbon. There is no doubt that limestones, 
whatever their ages, give low values; that carbon 
from plants is unusually rich in C"”; and that in 
meteoric carbon intermediate values occur. But 
it is too early yet to hazard an explanation of 
the significance of the variations. 

Of the radioactive isotopes of carbon, the 
most useful as far as applications to other fields 
of science are concerned unstable 
atom which decays by emitting beta-particles!* 
of energy about 145 kev. It can be manufactured 
with deuterons according to the reaction 
C¥(d, p)C™ or by the action of slow neutrons on 
nitrogen, N'(n, p)C™. The beta-particles, having 
a range of nearly 20 mg/cm? in aluminum, 
equivalent perhaps to 0.2 mm of plant tissue, 
are energetic enough to be detected by Geiger 
counters even if produced in moderately thick 
specimens. The period is so long that no appreci- 
able decay has been detected in a preparation 9 
months old. Ruben and Kamen estimate the 
half life to be between 10* and 10° years. Hence 
this C™ isotope should prove very useful for 
tracer work in living organisms. 

All nuclei absorb neutrons, but with a facility 


percent. 
is about 


is C™, an 
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which depends markedly on the velocity of the 
neutrons. In general, slow neutrons are absorbed 
more readily than fast neutrons. There are also 
particular narrow ranges of energy throughout 
which, for a given nucleus, the probability of 
neutron absorption is extremely high. When 
this occurs, the capture is described as a reso- 
nance process. A beam of fast neutrons, reason- 
ably homogeneous as regards velocity, can now 
be created without great difficulty from one of a 
number of nuclear reactions such as Li(d, ”)Be. 
Of course, neutrons can be passed through 
hydrogen-containing materials and the emerging 
neutrons, called, thermal neutrons, having suf- 
fered numerous collisions with particles of the 
same mass as their own, are slow moving ones. 
But the very process of slowing them down 
spreads their velocities into a Maxwellian 
distribution such as is found in the molecules of 
a gas. The production of a homogeneous beam 
of neutrons of very low energy (say 0.1 electron 
volt) therefore requires the use of some kind of 
velocity spectrometer, so that a beam with 
velocities in a narrow range may be selected. 
Methods of achieving the desired result by 
modulating a high voltage source of ions have 
already been referred to in this series of articles, 
and convenient references to the original work 
may be found in a paper by Baker and Bacher.” 
These authors used beams of slow neutrons of 
well-defined investigate resonance 
processes. Cadmium, for example, has for several 
years been known to absorb thermal neutrons 
very easily. Baker and Bacher show that this 
strong absorption is due to a resonance phe- 
nomenon with a maximum probability of ab- 
sorption at 0.14 ev. The position which they find 
for this maximum in cross section is much more 
precisely determined, but of the same’ order of 
magnitude as that given by other earlier investi- 
gators. Cadmium has eight stable isotopes 
altogether, of which only two have relative 
abundances than 5 percent. It seems 
probable that the resonance absorption of 0.14- 
ev neutrons is due either to Cd'™ or to Cd", 
which are present in ordinary cadmium to the 
extent of only 13.0 and 12.3 percent, respectively. 
The cross section at resonance turns out to be 
4.210-* cm?, an extraordinarily high value for 
such a process, as a glance at Table I will show. 
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IV 


At last a gratifying semblance of orderliness 
is apparent in the deductions which can be made 
from the various cosmic-ray experiments that 
have been performed during the past decade. 
Many of the older tentative hypotheses con- 
cerning the nature of the primary radiation can 
now be abandoned in favor of one which provides 
a logical background for the interpretation of 
numerous counter experiments. The present 
concept of the incoming primary radiation and 
of its subsequent behavior in passing through 
the atmosphere arises directly from the experi- 
ments of Schein, Jesse, and Wollan,” and of 
Swann” and his collaborators, though it should 
not be forgotten that the most recent work has 
been guided by the experience of a host of 
earlier investigators. An admirably clear state- 
ment of the present situation has been made by 
Swann, who emphasizes the following points. 
(1) ‘There is only one type of primary radiation, 
a charged particle radiation—probably protons 
—comprising particles of heavy mass.” This is 
an assumption without which many contradic- 
tions appear in the interpretation of the counter 
experiments. (2) “By processes at present 
unknown, the primary radiation gives birth, 
probably indirectly, in the upper atmosphere, 
to mesotrons.”’ (3) ‘‘Those mesotrons which are 
born approximately at rest will have such short 
lives” [and low speeds ]* that they will disinte- 
grate before they have travelled more than 300 
meters. They will, in fact, disintegrate in the 
stratosphere, and in so disintegrating, will give 
rise to electrons which, on account of the 
disintegration occurring from mesotrons at rest, 
will emerge on the average equally in all direc- 
tions. (4) The mesotrons formed with higher 
energy: will disintegrate at lower altitudes, 
because of their longer lives [and rapid motion ],* 
and because they disintegrate at high energy, 
will give rise to electrons which possess on the 
average a forward component at these lower 
altitudes.” , 

We shall try to sketch the most straightforward 
experimental evidence which is available in 
support of these statements. Near sea level, 





* Phrase in brackets added by the present reviewer. 
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counter-tube ‘‘telescopes’’ show the intensity of 
cosmic-ray particles of all kinds arriving verti- 
cally at any particular locality to be much 
greater than that of cosmic rays arriving from 
near the horizon. At higher altitudes, however, 
the maximum of intensity in the direction of the 
zenith is much less pronounced. In other words, 
the directions of travel of these cosmic-ray 
particles are more random at high altitudes than 
at low, where a strong concentration in the 
vertical direction is observed. The statements 
(3) and (4) above are consistent with these 
experimental findings. If there were any appreci- 
able proportion of electrons in the primary 
incoming cosmic rays, an intensity maximum 
should occur in the zenith direction up to the 
highest altitudes at which observations have 
been made. In the absence of such an effect, 
the most obvious deductions are that there are 
no such incoming electrons, and that cosmic-ray 
electrons are produced in the atmosphere, in 
agreement with point (2) above. Fairly direct 
evidence for the existence of penetrating massive 
primary particles is offered by observations noted 
below. At the moment, the production of 
mesotrons by these primaries is merely an 
inference made necessary by the knowledge that 
mesotrons have but a transient existence. The 
formation of mesotrons by protons has not yet 
been observed in the laboratory. Perhaps the 
new Berkeley cyclotron will provide protons 
with energies in the range where the process 
occurs with a reasonably high probability. 
Conclusions of essentially the same nature 
have been reached by Schein, Jesse, and Wollan 
from their studies of the vertical intensity and 
the production of mesotrons at high altitudes. 
Their experiments measured the intensity of the 
hard component up to heights at which the 
barometric pressure was only 2 or 3 cm of 
mercury. With different arrangements of coun- 
ters, like that shown in Fig. 6, these penetrating 
particles were recorded only after they had 
passed through thicknesses of lead varying from 
4 to 18 cm. Strangely enough, the intensity was 
not appreciably affected by variation in the 
thickness of lead and the intensity curve rose 
steadily as a function of altitude, showing no 
signs of a maximum followed by a rapid fall near 
the top of the atmosphere, as earlier experiments 
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seemed to show. “Because of the constancy of 
the penetrating power of the particles we 
measure,’’ say these three authors, ‘“‘and because 
they are not shower producing, we conclude 
that there are no electrons of energies between 
10° and 10” ev present at the highest altitudes 
reached. Since the energy required for electrons 
to penetrate the earth’s magnetic field of 51° 
geomagnetic latitude is about 310® ev, and 
since our measurements were carried out to 
within the first radiation unitt from the top of 
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Fic. 6. Automatic cosmic-ray counting apparatus carried 
to very high altitudes by balloons in the experiments of 
Schein, Jesse, and Wollan. The two vertical rows of per- 
forated cylinders on the left are covers of amplifying tubes. 
To the right of these are seen the shielded ends of six 
counter tubes. The striped bundle at the lower right is a 
package of dry batteries. Just above them is an air-tight 
metal cylinder enclosing the high voltage supply. At the 
lower left is a metal drum containing a camera for record- 
ing cosmic-ray intensity, barometric pressure, and tem- 
perature. The whole frame is covered during a flight with 
Cellophane and silver paper to keep the temperature 
inside reasonably constant. (Courtesy of W. P. Jesse.) 


t One radiation unit is the average distance in matter 
which an electron goes before losing half of its energy 
through radiative processes. This distance is about 0.4 
cm in lead or 275 meters in standard air, 
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the atmosphere, it seems difficult to assume the 
presence of electrons (E <10"” ev) in the primary 
cosmic radiation, and hence they must be 
replaced by some penetrating type of charged 
particles. The mesotrons themselves cannot be 
the primaries because of their spontaneous 
disintegration. Hence it is probable that the 
incoming cosmic radiation consists of protons.”’ 
In support of these views they quote further 
evidence which shows that mesotrons are pro- 
duced in multiples mainly by ionizing non- 
shower-producing particles (mesotrons can also 
be produced by non-ionizing radiation); and 
that the number of penetrating particles ob- 
served in their counter experiments near the top 
of the atmosphere is approximately the same as 
the number of primary particles deduced from 
ionization chamber measurements. 

The problem of the nature of cosmic rays is, 
however, still far from solution. A note by 
Cocconi* points out that the rather simple 
picture which has just been given neglects some 
important points. Chief among these is that it 
fails to account for the numbers of electrons 
which are found at high altitudes or even at sea 
level by at least an order of magnitude. It may 
be necessary then to assume that the primary 
protons, in addition to producing mesotrons 
singly or in bunches,** create also the photons 
and electrons which produce large showers and 
a considerable part of the electron component. 
If this hypothesis be correct, the next step will 
be to find under what circumstances the various 
processes are most likely to occur. 

V 

Some comment on the lifetime of the mesotron 
is desirable, since this concept plays an important 
part in Swann’s argument as stated above. 
Yukawa had employed such a particle in 
theoretical work a few years before it was found 
experimentally, and from the beginning postu- 
lated that it must be unstable. After its recogni- 
tion as an important component of cosmic rays 
several’ experimental estimates of its lifetime 
were made, the values given in 1939 ranging 
from 1.7 to about 3 microseconds. Mesotrons 
do not all have the same penetrating power, and 
therefore may be assumed to possess a range of 
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velocities, and the very fact of their motion will 
make their lifetimes appear different from those 
of mesotrons at rest. Rossi and Hall” point out 
that if to be the lifetime of a mesotron measured 
in a frame of reference in which the mesotron is 
at rest, and ¢ the lifetime measured in a frame 
of reference in which the mesotron is moving at 
8 times the speed of light, then f=f)(1—,?)—?, 
following one of the simplest rules of the principle 
of special relativity. If now L be the average 
distance traveled by mesotrons of velocity Bc 
from their creation to disintegration points, then 
L=cBt= pto/u where yp is the rest mass and p the 
momentum of a mesotron. The probability of 
decay per centimeter path, 1/ZL, is, therefore, 
inversely proportional to the momentum. Hence, 
theory predicts that fast moving mesotrons have 
a longer expectation of life than slow moving 
ones. 

The test of this variation in lifetime depends 
on the 


“absorption anomaly.”’ To 


explain the principle of this test, let us consider 


so-called 


mesotrons moving vertically downwards over 
Colorado. At Echo Lake (alt. 3240 m) an 
observer might find how much the mesotron 
intensity would be reduced by passing through 
200 g/cm* of iron. At Denver, nearby (alt. 
1616 m), another observer might find how much 
the mesotron intensity had been reduced after 
passing through the 1624 vertical meters of air 
lying between the two stations mentioned. The 
thickness, 200 g/cm?, of iron is chosen because 
the difference between the average barometer 
readings at Echo Lake and Denver is 108 mm 
of mercury, or 147 g/cm? of air. Using the best 
available that if 
mesotrons were stable, losing energy by collision 
processes only, then 147 g/cm? of air is equivalent 
to 200 g/cm? of iron. Should an experiment 


theories, it can be shown 


reveal that 200 g/cm? of iron is not equivalent 
as an absorber to the layer of air between Echo 
Lake and Denver, then the discrepancy must 
be attributed to the decay of mesotrons. If the 
observations could be made on mesotrons of 
different momenta it would be possible to test 
the equation L=plo/y. This is just what Rossi 
and Hall” have tried to do. 

The only feasible way of distinguishing be- 
tween mesotrons of different momenta is to see 
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if they can or cannot pass through specified 
thicknesses of material. Whether or not lead is 
actually used for the purpose, it is customary 
to express the ranges of mesotrons in terms of 
their penetration through this metal. By using 
appropriate thicknesses of iron and lead around 
and between their counter tubes, Rossi and Hall 
were able to investigate separately two groups 
of mesotrons: those with ranges between 196 














Fic. 7. Equipment at Echo Lake under six tons of iron 
plates used as an absorber. (Courtesy of B. Rossi.) 


and 311 g/cm? of lead, and those with ranges 
greater than 311 g/cm* of lead. The type of 
experiment to be done determines roughly what 
these thicknesses should be, though their precise 
values have no particular significance. Most 
people think of Colorado as a vacation land, but 
the handling of such thick absorbers, covering 
counters from 25 to 60 cm long, at the altitude 
of Echo Lake could scarcely be a restful contribu- 
tion to a holiday (Fig. 7). For both groups of 
mesotrons it was found that the apparent 
absorption caused by the 147 g/cm? of tenuous 
air between Denver and Echo Lake exceeded 
that caused by the compact 200 g/cm? of iron at 
Echo Lake. This is merely an additional proof 
of what was already known, viz., that in passing 
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through an absorber a beam of mesotrons is 
reduced in intensity both by absorption and by 
loss of mesotrons due to decay. The latter 
process, though negligible in dense absorbers, 
makes an important contribution to the absorp- 
tion in media of low density where the mesotrons 
travel long distances. 

The crux of the experiment, however, lies in 
the observation that for the slower moving 
mesotrons the excess absorption was 2.5 times 
as great as for the faster moving mesotrons. 
Now allowance must be made in this factor of 
2.5 for the longer time required by the slower 
moving mesotrons to traverse the 1624 vertical 
meters of air between Echo Lake and Denver. 
An application of the Bethe-Bloch formula 
concerning the slowing down of moving particles 
led Rossi and Hall to the conclusion that the 
momenta of their two groups of mesotrons were 
roughly in the ratio 3 : 2. Such a ratio of mo- 
menta (and therefore roughly of transit times) 
is not nearly enough to account for the whole 
factor 2.5 quoted above, so that the conclusion 
seems inevitable that the slow-moving mesotrons 
disintegrate in a shorter time than fast-moving 
mesotrons. 

Definite as this result.appears to be, the 
experiment on which it is based will have to be 
refined considerably before it can be used to test 
quantitatively the theoretical dependence of a 
mesotron’s distance of travel upon its momentum. 
The division of the cosmic-ray mesotrons into 
only two momentum groups can hardly be called 
resolving them into a momentum-spectrum, but 
it will stand as a notable achievement of 1941. 

Although the disintegration of mesotrons into 
electrons and neutrinos is an essential part of 
the description of the general behavior of cosmic 
rays as summarized above, yet the justification 
for this point of view has, up to the present 
time, been found in the simplification it intro- 
duces into the general picture, rather than in the 
weight of direct experimental evidence which 
can be used to support it. The direct evidence, 
indeed, consists of a few photographs of cloud 
tracks, but much indirect evidence is available 
from experiments on the anomalous absorption 
of mesotrons in air and in solids. New direct 
evidence, such as is contained in a series of 
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papers by Rasetti,?® is therefore of great im- 
portance. Rasetti’s experiments were performed 
with rather elaborate groupings of Geiger-Miiller 
coincidence and anticoincidence counters. One 
group of counters recorded the absorption of 
mesotrons in aluminum or in iron, and another 
group was arranged to detect the delayed 
emission of other particles, presumably the 
disintegration electrons from the decaying meso- 
trons. This second group of counters could be 
made insensitive for various prearranged times, 
of the order of 10~® sec., immediately after the 
tripping of the first bank of counters by a 
flying mesotron. At the end of these prearranged 
times, the second group of counters became, and 
remained, sensitive. A series of observations, 
with different delay times, thus furnished the 
distribution in time of the secondary particles. 
From it, Rasetti calculated the mean life of the 
disintegrating mesotrons as 1.5X10-® second, 
a result in good agreement with other determi- 
nations carried out by different methods. On 
the further details of this decay process we can 
do no better than quote Rasetti’s own words. 
“The present experiments,” he says, “seem to 
indicate a number of disintegrating electrons 
per mesotron definitely smaller than unity. 

The results, however, are in agreement with the 
assumption that only half of the mesotrons 
undergo free decay. Since the analysis of meso- 
tron tracks in a magnetic field has shown that 
there are about as man, rositive as negative 
mesotrons, or a small excess of positive, the 
result found is what should be expected if only 
mesotrons of one sign (positive) undergo free 
decay. Actually, if, according to the calculations 
of Tomonga and Araki, reactions with nuclear 
particles are much more probable than spon- 
taneous disintegration for negative mesotrons, 
then we should only record an electron for each 
positive mesotron absorbed. The nuclear reac- 
tions produced by negative mesotrons will 
probably lead to excited states of nuclei and 
eventually give rise to electrons through pro- 
cesses of B-decay. It is exceedingly unlikely, 
however, that such particles could be emitted 
with sufficient energy and within a sufficiently 
short time to be registered in the present 
experiments.” 
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VI 


“In the past, the acceleration of electrons to 
very high voltage has required the generation of 
the full voltage and the application of that 
voltage to an accelerating tube containing the 
electron beam. No convenient method for re- 
peated acceleration through a small potential 
has been available for electrons, although the 
method has been highly successful in the cyclo- 
tron for the heavier positive ions at velocities 
much less than the velocity of light.’’ So Kerst”® 
begins his paper on “‘The acceleration of electrons 
by magnetic induction.”” The emphasis here is 
on the word electrons. To bring out its signifi- 
cance we must consider the repeated acceleration 
of charged particles as it takes place in the 
cyclotron dees. The operation of a cyclotron 
depends essentially on the fact that the time, ¢, 
taken by a particle of mass m and charge e, 
moving with velocity v, to trace a semicircle of 
radius r in a plane perpendicular to a uniform 
magnetic field H is given by t=(m/e)(r/H). 
This expression is independent of v and of 7; 
therefore in the same field all particles with the 
same m/e will describe semicircles, no matter 
what their radii have to be, in the same time, 
provided m/e does not vary with v. Since the 
charge of a particle may be considered constant, 
only the variation of m with v concerns us. For 
a 2-Mev alpha-particle, the mass differs only by 
about 0.05 percent from the rest mass, so the 
time taken to cover the largest semicircle in the 
cyclotron will differ from the time required to 
cover the smallest semicircle by about this 
amount. The mass of a 2-Mev electron, however, 
is about five times its rest mass. Hence, the time 
required by such a light particle to cover the 
largest semicircle in a cyclotron would be about 
five times as long as the time required to describe 
the smallest semicircle. Hence the various por- 
tions of an electron beam of high energy would 
be hopelessly out of phase in cyclotron dees. 

When the magnetic flux in a certain space is 
changing, an e.m.f. is set up in a loop of wire 
surrounding the space. The electric force is 
present, indeed, whether the wire is there or not. 
Suggestions and attempts to use this principle in 
accelerating electrons have been made from time 
to time during the last 15 years, but it is only 
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eighteen months since they were incorporated 
in a successful working apparatus built at the 
University of Illinois. Guided by the experience 
gained there, Kerst has just completed the new 
accelerator, shown in Fig. 8, in the Research 
Laboratories of the General Electric Company. 
We can give here but the barest outline of the 
apparatus, the data referring to the Illinois 
machine. A glass tube perhaps 5 cm across, in 
the shape of a ring about 20 cm in diameter 
(i.e., shaped like an American doughnut) sur- 
rounds the closely spaced pole pieces of a lami- 
nated magnet excited by a 600-cycle current. 
Electrons, liberated from a filament near the 
outer wall of the evacuated tube are accelerated 
in gradually contracting orbits to a circle of 
predetermined radius within the tube until they 
strike a target. The magnetic field between the 
magnet poles is not meant, at any instant, to be 
uniform. It must vary radially in such a way 
that electrons which happen to be circling a 
little too far out or a little too far in are brought 
quickly back to the proper orbit. To find out 
how the ring of moving electrons is finally made 
to deviate enough from its circular path to 
strike a target, the reader must turn to the 
original paper. We can merely indicate that it is 
accomplished by having certain parts of the poles 
reach saturation before others. The design of 
the magnet controls the success or failure of the 
instrument. 

During each revolution the electrons are 
accelerated by an amount equal to the instan- 
taneous e.m.f. which would be induced in a wire 
placed at the position of the orbit. The accelera- 
tion is completed during the first quarter-cycle, 
while the field is increasing, but the electron 
speeds are so high that perhaps 100,000 revolu- 
tions are possible in this time, before the electrons 
strike the target. During the third quarter-cycle, 
acceleration of the electrons proceeds in the 
reverse direction, so that the target, bombarded 
from both sides, will emit x-rays intermittently 
1200 times per second, but with a marked spatial 
asymmetry. Currents to the target in the 
Illinois instrument are about one-thirtieth micro- 
ampere at 2.3 Mev. The induction accelerator 
is a promising source of high energy photons; 
and when some mechanical difficulties have been 
overcome, the electron beam will be brought out 


JOURNAL OF APPLIED PHYSICS 











of the accelerating chamber to provide a strong 
source of electrons for nuclear investigations, 
and it may soon be possible to duplicate some 
low energy cosmic-ray phenomena under con- 
trolled conditions in the laboratory. 

In strong contrast to the modest dimensions 
of this new induction accelerator, Fig. 9 shows a 
recent photograph of the new giant cyclotron 
now under construction in California. This 
picture was taken on October 3, 1941. Half of 
the steel frame of the walls of the 24-sided 
building which will cover the cyclotron is 
already in place. When finished, it will be 160 ft. 
in diameter. The magnet itself consists of 3700 
tons of 2-inch steel plates 
bolted together into a rec- 
tangular frame, one side 
of which is below ground 
level. One bolt is allowed for 
every 10 ft.? of surface. To 
guard against damage by 
earthquake the plates are 
also welded together at the 
edges. Each of the 92 plates 
in a horizontal member is 52 
ft. long and 6.25 ft. deep, 
with a weight of 13.5 tons. 
This leaves a_ rectangular 
opening 45.3 ft. wide and 
17.5 ft. high in the middle of 
which the pole pieces will be 
placed. Most of the lower 
pole piece is already in posi- 
tion ; when the upper one has 
been assembled and hung in 
place, an air gap of depth 40 
inches and diameter 184 
inches will remain to accom- 
modate the accelerating 
chamber containing the 
dees. To excite the magnet, 
twenty-four “pancakes” 
wound from copper strip 
4+ inch will be used, twelve 
around the upper core and 
twelve around the lower. 
These windings will be cooled 
by circulating oil. 

It is expected that ap- 
proximately two more years 
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will be needed to complete the construction. 
The equipment is designed so that at the start 
70-Mev deuterons should be produced, and 
it is expected that this energy can be raised to 
100 Mev. At this latter energy the magnetic 
field required will be 10,000 oersteds, and the 
oscillator providing the dee voltage will operate 
at a wave-length of 40 meters. The instrument 
is being set up on the Berkeley campus of the 
University of California, at an altitude of 881 ft. 
above sea level. Those who are familiar with 
this campus may be able, from the picture, to 
verify that it is about 100 yards behind the 
Big C. 





Fic. 8. The new induction accelerator constructed in the Research Laboratories 
of the General Electric Company. 13-Mev electrons have already been produced 
by it, and higher energies are expected. (Courtesy of D. W. Kerst.) 
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Vil 

Those who have seen Darrow’s racy review*’ 
of the present knowledge of [/elinm, the Super- 
fluid will be interested in two short papers by 
Kapitza and Landau® concerning the thermo- 
dynamic properties of this remarkable substance. 
It will be remembered that liquid helium can 
exist in two different forms, depending on the 
temperature, which are known as Hel and 
He II. Of these, the latter is the colder, the 
transition temperature or A-point between the 








two forms having been established with some 
accuracy at 2.19°K. Chief among He II’s re- 
markable properties are its extremely low 
viscosity, lower than that of hydrogen gas if 
measured by conventional methods, and _ its 
ability to transport heat at a prodigious rate. 
The reasons for this abnormal ‘‘conductivity”’ 
are not entirely clear since they depend on the 
theoretical concept of the liquid’s structure. It 
is certain, however, that next to none of the heat 
transferred is carried by the classical process of 
conduction. When a temperature gradient is 
maintained across a volume of He II, it seems 
that a strange counter current is set up, the 
liquid behaving as though it consisted of two 
separate components. There is a current of 
“normal” HeII which carries heat from the 
hot region to the cold region, and a counter 
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current of ‘‘superfluid”’ liquid directed from the 
cold to the hot part. This differs from the 


- ordinary mechanism of convection in that the 


return current of superfluid liquid carries no 
heat, and travels without friction. Thus, if two 
vessels of liquid helium II at slightly different 
temperatures are connected by a narrow tube, 
the pressures applied at the ends of the tube 
being the same, heat will be “conducted” from 
the warmer to the colder, through the liquid in 
the tube, nearly as fast as the warmer liquid 
could run away unimpeded through the tube if 





Fic. 9. The giant cyclotron 
now under construction on the 
University of California campus 
at Berkeley. The size of the mag- 
net can be judged by the figures 
of two men working under and 
near #t. (Courtesy of D. Cooksey.) 


the colder vessel were removed. If such a 
fantastic behavior seems to the reader to be 
beyond the bounds of reason, we hasten to 
explain that in order to bring out the differences 
between He Il and ordinary liquids we have 
perhaps been guilty of an over-bold simplification 
of the process. Nevertheless, although the 
presence of a counter-current is, in the present 
review, based on a few qualitative remarks in 
Kapitza’s and Landau’s papers, yet its existence 
is in agreement with the observations of Daunt 
and Mendelssohn on the passage of Hell 
through a porous plug, and with those of Allen 
and Jones” on the fountain effect. 

Landau’s concept of the nature of He II, as 
far as can be gathered from his brief paper in 
The Physical Review, is that it is a quantum 
liquid in which there can be no continuous 
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transition between the states of potential motion 
and vortex motion, but only a discrete finite 
jump. The identification of the superfluid with 
the lower state of potential motion, and of the 
normal He II .with vortex motion is then a 
natural development. Not until the liquid is in 
the higher vortex state can there be any possi- 
bility of dissipation of energy, and the motion 
of the superfluid is therefore thermodynamically 
reversible since there is no entropy change 
associated with its passage from one place to 
another. The quantization of the liquid is in 
terms of longitudinal compressional waves and 
must therefore be a kind of macroscopic quanti- 
zation, quite different from any atomic or 
molecular quantization. At temperatures above 
the A-point, of course, the superfluid state of He 
is not present (or should one say, not occupied ?). 
But it is only fair to state that the two types of 
liquid appear first in the mathematical formula- 
tion of the problem. How much their physical 
counterparts have independent existence is a 
matter for further experiment. 


Vill 


The electrical failure, and the causes of elec- 
trical failure in crystals, glasses and other 
insulators are matters of some importance in the 
field of applied physics, but it is only recently 
that experimental results on electrical breakdown 
have been consistent enough to warrant their 
use as a test of present-day theory. Two papers 
by von Hippel and Maurer,” and von Hippel 
and Lee* give a readable summary of the 
present situation. When a crystal such as KBr 
is broken down by a gradually increased electric 
field it is found that the voltage at which 
failure occurs depends upon the temperature of 
the specimen. From about 310° volts/cm at 
—200°C to about 810° volts/cem at +60°C 
the breakdown field increases more or less 
smoothly. But above this higher temperature 
the field necessary to cause breakdown grows 
smaller, dropping to 510° volts/cm at 200°C. 
On the hypothesis that breakdown is due to a 
cumulative ionization-by-collision process within 
the crystal, a qualitative explanation of the 
behavior of KBr in the lower temperature range 
can be given in terms of the motion of electrons 
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through the lattice. When the crystal is cold the 
small thermal energy of vibration keeps the 
lattice points relatively undisturbed, so that 
electrons pass easily ; but with increasing temper- 
ature the agitation of the lattice grows more 
violent, and electrons, formerly nearly free to 
run through the periodic field, are now much 
more likely to be scattered’ from their original 
direction. The scattering thus introduces a more 
frequent ‘“‘stop and go’ motion among the 
electrons and higher applied fields are required 
to cause ionization by collision. 

It seems necessary, however, if the same kind 
of theoretical explanation is to be used for the 
higher temperatures as for the lower, to assume 
further that the number of secondary electrons 
needed to constitute a breakdown current can 
be formed at lower fields, if the temperature is 
higher. Another way of saying this is that the 
number of free secondary electrons per cm path 
produced by collision must be an increasing 
function of the crystal’s temperature. Here, 
already, the fundamental ideas of Townsend’s 
theory of ionization by collision in gases are 
being extended to situations they were not de- 
signed to cover. Some objections may be raised 
against such an extrapolation, but nonetheless 
it is profitable to pursue this line of thought as 
far as possible. Von Hippel and Lee suggest that 
in addition to simple ionization by collision, two 
other effects should be taken into account. These 
are, first, the possible capture by atoms of slow 
electrons, just after their liberation, to make 
negative ions. This would diminish enormously 
the mobility of the charges so captured, making 
them no longer effective in liberating new free 
electrons by collision. There is fairly good 
evidence from absorption spectra that such a 
process occurs, but it will be prevented from 
gaining control by the re-liberation of the elec- 
trons from the negative ions by thermal vibra- 
tions of the crystal. Briefly, then, Townsend’s 
theory of cumulative ionization gives a fair 
explanation of the increase of breakdown voltage 
with increasing temperature, as indeed, Fréh- 
lich*? and others have shown; but in order to 
account for the subsequent decrease in break- 
down voltage at somewhat higher temperatures, 
auxiliary assumptions along the lines suggested 
by von Hippel and Lee are required. This more 
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elaborate theory does not yet appear to have 
been worked out in any detail. 

Quite a different situation is found in studying 
the electrical breakdown of a_ permanently 
disordered substance like glass. The most 
interesting case which von Hippel mentions is 
that of silica glass, whose behavior he contrasts 
with that of a single crystal of quartz. The 
latter, in the range —80°C to +60°C, shows a 
variation in breakdown voltage continually 
increasing with temperature, the magnitude 
depending slightly on the direction of the crystal 
axes; but the amorphous silica glass, over the 
same temperature range, shows an ever-quick- 
ening diminution in breakdown voltage remi- 
niscent of the behavior of a crystal in which 
disorder of thermal origin is already well ad- 
vanced. The orderly arrangement of a crystal 
lattice is therefore characterized by a breakdown 
voltage with a positive temperature coefficient, 
the amorphous state by a negative coefficient. 


IX 


A few years ago the magnetic moments of some 
nuclei were measured experimentally by an 
ingenious method developed by Rabi, Millman, 
Kusch, and Zacharias.* For a new type of 
apparatus the experiments possessed a highly 
creditable precision, the error being of the order 
of a few tenths of one percent. The Li’ nucleus, 
for example, was found to have a magnetic 
moment of 3.250 nuclear magnetons. The method 
used by these four workers involved a combina- 
tion of magnetic fields, inhomogeneous, homo- 
geneous, and oscillating, the accuracy of the 
final result depending on the precision with 
which the value of the steady field was known, 
which had to be measured in more or less 
standard fashion by flip-coils. It turned out that 
the lines in the radiofrequency spectrum could 
be located with an accuracy far in excess of 
that available for measuring the magnetic field. 
Therefore, to make the fullest use of this pre- 
cision another way of measuring the field had 
to be developed. 

When an atom emits radiation while it is in a 
magnetic field, the spectrum shows a Zeeman 
pattern, a splitting of normally single lines into 
various components whose arrangement can be 
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calculated if the strength and direction of the 
field are known. In atomic spectra there are some 
lines in whose Zeeman patterns the separation 
of the component lines depends strongly on the 
strength of the field used; and there are other 
lines whose Zeeman pattern separations are 
quite insensitive to slight changes in the field. 
Millman and Kusch* reversed the usual pro- 
cedure of determining a Zeeman pattern from 
the field and instead proceeded to measure 
magnetic field strengths from the separation of 
the Zeeman components. That is, Zeeman 
patterns were used to calibrate the magnetic 
field. This amounted essentially to comparing 
the magnetic moment of an electron in an atom, 
responsible for the Zeeman effect, with the 
magnetic moment of a nucleus. 

The latest values of the moment of the Li’ 
nucleus and of the proton, to quote only two 
examples, are 3.2532, and 2.7896. The latter 
value is measured, of course, from observations 
on the behavior of molecules like NaOH and 
KOH, which contain a proton, and derives its 
importance from the fact that it enables a 
determination to be made of the moment of the 
neutron, by subtracting the proton’s moment 
from that of the deuteron. The neutron’s 
moment thus found can then be compared with 
the value obtained for free neutrons. The ques- 
tion has been raised by Rarita and Schwinger, 
however, whether a simple subtraction of the 
two moments really gives the moment of the 
neutron. They suggest a rather more complicated 
way of calculating which leads to a slightly 
different result. The figures are: —1.933, by 
simple subtraction; —1.911, by Rarita and 
Schwinger’s calculation; and —1.935, experi- 
mental.*® At the moment of writing, the accuracy 
is overwhelmingly in favor of Millman and 
Kusch’s indirect method, and, therefore, to 
quote these authors, ‘‘it is highly desirable that 
the moment of the free neutron be measured 
with a precision comparable to that obtained 
for the difference’”’ between the moments of the 
deuteron and proton. 

Another topic of perennial interest in the field 
of optics is the velocity of light. It has long been 
regarded as one of the fundamental constants of 
nature which plays an increasingly important 
part in atomic physics, yet its absolute value is 
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not known to better than one part in 20,000. 
Suggestions have been made, on the basis of the 
experimental results of the last three quarters 
of a century, that this velocity may be a slowly 
varying periodic function of time, but determi- 
nations made before 1900 possess so large a 
probable error that these suggestions can hardly 
be taken seriously. Prior to 1936, all the meas- 
urements which have any claim to reliability 
involved the visual measurement of the displace- 
ment of a spot of light, or the manual control of 
the return of a spot of light to a prearranged 
position. Most physicists will therefore read 
with interest a paper by 
W. C. Anderson** in which he 
summarizes his experimental 
values of the velocity of 
light determined by a purely 
automatic method. Personal 
errors in this experiment 
could come in only in the 
measurement of the films on 
which the records were made. 

The method can hardly be 
described more briefly than 
in Anderson’s own words. 
“A light beam is passed 


through a modulator where 
it is made to vary sinus- 
oidally in intensity about 


some steady value. From the 
modulator the beam passes 
through a _ half-silvered 
mirror, a portion being re- 
flected from the surface over 
to a movable mirror. From 
this mirror the beam is re- 
turned, passing through the 
half-silvered mirror to a 
photoelectric cell. The other 
portion of the original beam 
transmitted by the _half- 
silvered mirror passes Over a 
much longer path and is re- 
turned along the same path, 
being reflected this time from 
the half-silvered mirror over 
to the same _ photoelectric 
cell. A tuned circuit converts 
these photoelectric currents 
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into voltages which are amplified and recorded. It 
can be shown that the resultant voltage is 
dependent upon the phase relation of the original 
light modulations and this voltage will be either 
a maximum when the beams are in phase, or a 
minimum when one beam is an odd number of 
half-cycles behind the other. By noting the path 
difference for a given minimum position, the 
velocity of light is readily computed by the 
relation : c= 2fs/n, where n=the number of half- 
cycles phase difference, s=the optical path 


difference between the two light beams, f=the 








Fic. 10. The Smith-Putnam Wind Turbine on Grandpa’s Knob in the Green 
Mountains, Vermont. The dimensions of the structure may be estimated from the 
figure of a man near the wind-indicating instruments at the left center of the 
picture. (Courtesy of J. B. Wilbur.) 


19 








ae 


ee a 


frequency of modulation of the beams, and 
c=the velocity of light.” 

In this velocity determination, just as in the 
majority of earlier experiments, the directly 
measured velocity was not the velocity in free 
space, but rather the velocity in air. Therefore 
the measured values had to be corrected, as the 
phrase goes, to vacuum, using the known 
refractive index of air. Furthermore, the directly 
measured velocity was the group velocity whose 
magnitude depends upon the relative speeds of 
disturbances of different wave-lengths in the 
medium. A satisfactory reduction to vacuum, 
in which there is no dispersion, thus requires 
a knowledge and use of the dispersion caused 
by air. Anderson seems to have paid more 
attention to this group velocity correction than 
his predecessors did, justifying his procedure by 
the statement that in some cases the correction 
amounted to as much as 7 km/sec. The final 
result of his experiments gave the velocity as 
299,776+14 km/sec. In 1935 Michelson, Pease, 
and Pearson reported the velocity to be 299,774 
km/sec., but the closeness of this to Anderson’s 
value must be regarded as somewhat fortuitous, 
since the 1935 experiments revealed a monthly 
periodic variation of velocity with time, of the 
order of 20 km/sec., an effect which, if it be 
real, has thus far received no_ satisfactory 
explanation. 


X 


The winds and the tides, the most restless of 
the elements, are nevertheless among the most 
difficult to harness on a commercial scale. For 
some time now an interesting experiment in 
applied physics, a serious large-scale attempt to 
derive useful electric power from the wind, has 
been under way on a hill in Castleton, Vermont. 
This is the Smith-Putnam Wind turbine on 
Grandpa’s Knob in the Green Mountains. 
Although no technical details are available for 
publication, we believe that a professional eye 
will discover much that is scientifically inter- 
esting in the picture reproduced in Fig. 10. We 
have no information as to its performance, but 
it is said to have been constructed to feed into 
the regular electrical power network in Vermont. 
Teachers of physics may like to use it in problems 
on angular motion in mechanics; and _ their 
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students may be surprised to find that if the 
speed of the turbine were 18 r.p.m., and 7f it 
were developing 1500 hp, then the main shaft 
would need to have about the same diameter as 
the propellor shaft of a 20,000 ton ship, and the 
wing tip would be traveling at 100 mi. /hr. 

It is obviously unnecessary to review in any 
detail the many important papers or groups of 
papers which have appeared during the last year 
in the Journal of Applied Physics. In the tenth 
of a series of articles on lubrication contributed 
by the Gulf Research and Development Com- 
pany, Morgan, Muskat, and Reed*’ study the 
curious stick-slip process which occurs when one 
solid slides over another. This phenomenon, as 
recorded in these reviews some years ago, was 
first reported by Bowden and Leben, who found 
that the process of slipping was an intermittent 
one, and that during the slip-stick cycle, con- 
siderable local heating occurred. Thé explanatory 
mechanism suggested by Bowden and Leben, 
and the observations which they made have 
been examined and tested in the current paper 
by Morgan, Muskat, and Reed. Not only is the 
problem an interesting one for experimental 
investigation, but there is ample scope for new 
theoretical work by reason of the compressional 
waves which must inevitably be set up by such 
a sequence of rapid jerks. 

Historians of the future, we believe, will 
choose the cyclotron and the electron microscope 
as the most notable new instruments of the age. 
Both are remarkable because they contribute to 
several fields of science. By its massive design 
and large dimensions, the cyclotron has un- 
doubtedly captured popular imagination; but 
from a strictly technical point of view it might 
be argued that the electron microscope is a tool 
of wider application. Physicists, biologists, engi- 
neers, chemists, bacteriologists—all have prob- 
lems whose solution is, in a short time, almost 
assured. 

Papers will be found in earlier issues of this 
Journal describing how the instrument has been 
adapted to study thicker specimens than before ;** 
to observe surface structure ;** and to measure 
the thicknesses of tiny objects.” By increasing 
the attainable resolving power of scientific 
instruments by more than an order of magnitude 
it has indeed become the herald of a new era. 
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Under appropriate circumstances its performance 
transcends that of the best modern optical 
microscope by as much as the first optical 
microscope added to human vision. A poet, 
perhaps, untrammeled by the traditional meticu- 
lousness of the language of technical papers, 
could do justice to its possibilities. And while 
we wait for a poet, let us at least rejoice, in our 


inarticulate way, that we live when our science, 
too, is alive. 


The writer is indebted to several of his 
colleagues at Michigan State College for their 
helpful criticism of parts of the manuscript; 
and to those gentlemen who, in addition to 
providing illustrations for this article, have 
aided him by friendly correspondence. 
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Frictional Phenomena. VI 


By ANDREW GEMANT 
The Detroit Edison Company, Detroit, Michigan 


Chapter VI. The Measurement of the 
Viscosity of Liquids 


Abstract 

BRIEF review of the principles and meth- 

ods used for the measurement of the vis- 
cosity of liquids is presented. The four chief 
principles are: flow in capillaries, shear between 
walls, falling spheres, and damping of waves. 
Fields of application and limitations of each 
method are discussed. A relatively new instru- 
ment, the oscfllation-viscometer is dealt with in 
some detail. 


24. Capillary Viscometers 


In this chapter the different methods of 
measurement will be dealt with briefly. From 
among the many theoretical possibilities there 
appear to be four principles utilized in physical 
and industrial apparatus. The method most 
widely used is the flow through capillary tubes, 
followed in order of prevalence by the shear 
between two parallel surfaces and the fall of a 
sphere through a liquid. In addition the damping 
of compressional waves is discussed. First the 
capillary methods will be considered. 

In Section 11 it was shown that the stationary 
flow of a liquid through a tube of circular cross 
section is chiefly controlled by the viscosity of 
the liquid. Eq. (27) was derived for this case. The 
slip term was used for highly rarefied gases, but 
for gases under normal pressures it was found to 
be of little importance; for liquids also it can be 
neglected. The result is the simple Poiseuille 
equation which allows the viscosity 7 to be 
computed from the flow V per unit time: 


n=mr'po/8lV. (70) 


The method is an absolute one since a knowledge 
of the tube radius r, pressure gradient po/l, and 
output V, allows the viscosity to be computed. 
However, if exact determinations are required, a 
number of corrections have to be applied; these 
are reviewed below. The corrections and, indeed, 
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the formula itself can be disregarded if the 
method is used as a relative one. In such case the 
apparatus is calibrated with a liquid of known 
viscosity 7-, giving an output V. under given 
standard conditions. If, then, another liquid has 
output V, 7 is given by 
V. 
—— (71) 


Using the method as an absolute one, the 
following corrections must be considered: 


A. END EFFECT 


Equation (70) is valid for conditions existing 
within a cylindrical tube, as will be recalled from 
the deductions. At both ends, where the tube 
widens into the neighboring containers, different 
conditions will prevail. The chief effect here is a 
certain added viscous resistance in the container, 
where the streamlines become sufficiently com- 
pressed, just before entering the capillary tube. 
It can be shown that the effect is equivalent to an 
increase of the effective length, and thus can be 
accounted for by adding a correction term to 1. 
This term is mr, where the factor m has a value of 
about 0.8. The longer the tube, the less im- 
portant this correction becomes. 


B. KINETIC ENERGY 


Part of the total pressure head fp» is spent by 
building up the kinetic energy of the liquid in the 
capillary since the kinetic energy of the liquid in 
the container is originally zero. This effect 
requires hydrodynamic treatment, and the cor- 
rection to be subtracted from po is: mpV?/x°r', 
with m about 1.1. In precision determinations 
this term must be considered. Using both cor- 
rections, the following equation should be used’ 
instead of (70): 


mr*po mp V 


8(l+nr)V 8x(l-+nr) 





(72) 
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c. SURFACE TENSION 


Both free surfaces in the two containers 
adjoining the tube exert a certain force upon the 
liquid. These have opposite direction, canceling 
the effect to a certain extent, but in general are 
not equal and thus part of the surface tension will 
alter the effective pressure. If the freg surfaces are 
made large, the correction is minimized. The 
Ubbelohde type of viscometer (see below) is 
aimed at avoiding this correction completely. 


D. TURBULENCE 


Equation (70) was deduced for laminar flow, 
i.e., one that can be described by means of 
stationary streamlines not changing with time. 
In contradistinction to this type the turbulent 
flow, dealt with in Section 23, is stationary only 
as to its bulk effect, but not to its microstructure, 
the velocity at a given point changing with time 


| 2 3 


Fic. 37. Diagram of 
suspended level vis- 
cometer of Ubbelohde. 





























in a statistical manner. As was shown, a station- 
ary flow becomes turbulent, when Reynolds’ 
number exceeds a certain value. This number 
was defined as 


rup/n. (73) 


It is essential to keep (73) below the critical 
value; if this is done, no correction in this 
respect to Eq. (70) is necessary. As can be seen, 
narrow tubes and relatively small velocities are 
required in order to keep the value of (73) low. 
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The maintenance of this condition is most 
essential, if large errors in the measurement of 7 
are to be avoided. 

In the following a few types of instruments 
built on the capillary principle will be dealt with. 

The Ostwald viscometer is the simplest type 
and very suitable for general laboratory use. It is 
shown diagrammatically in Fig. 37, if one 
disregards branch 3 of the instrument. In this 
case the whole volume between the level in bulb } 
of branch 1 and the top level in branch 2 is filled 
with liquid. The time required for the level in 2 to 
fall from the mark m, to the mark mz is measured. 
Constant temperature in a suitable bath is 
essential. For relative measurements kinetic 
viscosities have to be used in Eq. (71). 

A variation of the original Ostwald type in 
applying branch 3 and bulb ¢ was introduced by 
Ubbelohde.! By this means the liquid column in 2 
will break in two parts as shown in the figure. 
Continuity between the two is maintained by the 
thin layer wetting the surface of bulb c. The 
essential advantage claimed is the ‘suspended 
level” in bulb c from which the name of this type 
of instrument is derived. The surface tension of 
this level pulling the capillary column down can 
be adjusted to balance the traction upward of the 
level in bulb a. Ubbelohde’s instrument with 
accessories is, of course, more complicated, but in 
principle is as shown in the figure. , 

A viscometer consisting of a capillary tube 
connecting two symmetrical containers is de- 
scribed by Scott Blair and Crowther,? and 
independently by the author.’ The displacement 
is measured by the former authors by means of a 
capillary air leak, by the latter by the use of an 
alcohol manometer. 

Another modification suggested by Bingham 
and Murray, and often used for highly viscous 
materials like pastes and the like, is shown 
diagrammatically in Fig. 38. The horizontal 
capillary is gradually filled with the liquid under 
a given pressure head po, and the total time fo 
measured. Equation (70) can be written in the 
form 


dx /dt = por? /8nx (74) 


if x is taken as the length, filled with liquid. 
Integrated, we have 


x? = por*t /4n. 
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It is usual to plot x? vs. t curves and determine 7 
from the slope. The curve should be, of course, a 
straight line. Deviations from this behavior can 
easily be found by means of this instrument. 
Liquids showing such deviation are called non- 














<a 





Fic. 38. Diagram of Bingham-Murray capillary viscometer. 


Newtonian, and will be discussed in Chapter 
VIII in greater detail. Salceanu! makes use of 
Eq. (74) to determine relative viscosities. 
Bhimasenachar® describes a modified method of 
measuring viscosities by means of the capillary 
tube. 

The Vogel-Ossag viscometer consists of a glass 
capillary immersed in a metal reservoir possessing 
an overflow for adjusting the lower level. This 
instrument has received international accept- 
ance. Besides, there are several technical viscome- 
ters used in the different countries, such as the 
Saybolt used in the United States, the Redwood, 
in England, and the Engler, in Germany. A 
representative diagram is shown in Fig. 39. They 
consist of the liquid container a, ending in a 
capillary tube 6, a temperature bath c, a ther- 
mometer d, a stop e, and a flask f, to collect the 
liquid flown out. Usually the time required for a 
certain volume to flow out is measured and 
correction for the kinetic energy is often taken. 
These methods are only relative, and the instru- 
ments need calibration by means of standard 
liquids, if c.g.s. values are required. Often only 
figures in practical units (‘“‘Saybolt seconds’’) are 
given, and these are sufficient for industrial 
purposes but the c.g.s. values are more valuable 
fer possible subsequent calculations and also in 
that they are internationally accepted. 


25. Oscillation Viscometer 


Although this viscometer also belongs to the 
capillary type, it is dealt with separately because 
of an essential difference from the other types. In 
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the instruments hitherto considered, a certain 
time was measured from which the viscosity 
could be computed. The ideal aim of an instru- 
ment is that it should not need a process, that is, 
an experiment to be carried out, but should give 
the result instantaneously and by means of some 
indicator. A considerable approach in the realm 
of capillary viscometers has been achieved by 
the following apparatus. 

Instead of employing a stationary flow, it 
operates on the basis of maintained oscillations of 
the liquid in a tube of-circular cross section. Thus 
it is not time but simply the amplitude of the 
oscillation that is measured. Although the actual 
displacement varies periodically with time, the 
amplitude is constant, and can be made to be 
read directly. The amplitude in such a system is 
given by the pressure amplitude divided by the 
resistance of the liquid column. Generally, there 
are three elements of resistance, namely, gravi- 
tation, inertia, and viscous forces. 

A general theory must start from the differ- 
ential equation valid at any volume element. 
Carrying out this calculation, equations are 
arrived at, very similar to those obtained by 
Crandall for acoustical waves in tubes and 
mentioned in Chapter IV of this monograph. In 
special cases, as realized in the apparatus in 
question, the equations are considerably simpli- 
fied. Thus, it results that in a system for which 
the argument wpr?/n is small compared with unity 
(low frequency, narrow tube, high viscosity), the 
resistance is purely viscous and is given by the 
Poiseuille equation. The approximation is similar 
to that introduced in Chapter IV, as the “low 
frequency case.”’ 
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Fic. 39. Diagram of technical viscometers of the 
Saybolt or Engler type. 
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An apparatus based on the above principle was 
developed by R. V. Southwell and the author.®7 
It is shown diagrammatically in Fig. 40. An 
alternating gas pressure acts at the inlet a, 
working upon the capillary U-tube 6 filled with 
the liquid to be tested, and the wider U-tube d 
filled with mercury. The tube 0d is placed in the 
temperature bath c. Both tubes are connected to 
auxiliary U-tubes e, filled with alcohol or water, 
the motion of which gives a fairly true picture of 
the motion of the viscous liquid and the mercury. 
There is a slight error introduced by the gravity 
acting upon the indicator liquid which can be 
minimized by the use of nearly horizontal indi- 
cator tubes. However, the vertical tubes proved 
better from a technical standpoint. 

As was mentioned above, the resistance of tube 
b is purely viscous. The resistance of the mercury 
tube, on the other hand, is essentially given by 
its gravity and inertia forces. Only in case of 
resonance when the two forces balance, does the 
mercury resistance depend upon its dissipative 
forces. This uncertainty must be avoided, and the 
frequency of the pulsating pressure must be kept 
distinctly different from the natural frequency of 
the mercury tube. Since the pressure acting on 
the two systems is the same, the ratio of the 
amplitudes of the viscous and the mercury 
column is inversely proportional to the ratio of 
their resistances. From this consideration the 
following approximate equation for the viscosity 
» of the liquid in b can be derived: 


Pm {2 a. 
y= ~ —Nhinw — * 
Sr»? \w ha 


where p,=density of mercury, 7,,=radius of 
mercury tube, g=gravitation constant, w=27 
times frequency of pulsating pressure, /»,=half 
length of mercury tube, r=radius of tube 3), 
h=half length of tube b, a,, and a=amplitudes of 
indicators connected in series with d and 0. 

A point of particular importance is the abso- 
lute air-tightness of the pump, since otherwise 
the zero points of the tubes would shift, and make 
readings difficult. A possible solution of this 
difficulty is the use of a pump as shown in Fig. 41. 
Here A is a cylindrical piston, fitting snugly into 
cylinder B, and acted upon by the eccentric C of 
variable throw. Inside A is a cylindrical axial 
conduit G, open at the top. D is a metal container 


(75) 
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filled with mercury E and connected through the 
space F with the apparatus shown in Fig. 40. 
When the eccentric moves the piston downward, 
the mercury is pushed up the channel G, creating 
a pressure at F which thus fluctuates with the 
rotation of the eccentric in a sinusoidal manner. 
Since the mass of mercury prevents any leakage 
of air between the spaces F and G, the pump suits 
the particular purpose very well. 

The oscillation viscometer is best suited for 
liquids of not too low viscosity, since liquids of 
high fluidity would require narrow capillaries for 
tube b involving small volumes of displacement, 
not easily discernible on the indicator tubes. For 
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Fic. 40. Diagram of Gemant-Southwell 
oscillation viscometer. 


oils and the like the apparatus is most con- 
venient, and in addition needs only small amounts 
of liquid. 

In addition to the direct-reading oscilla- 
tion viscometer of Gemant-Southwell, the disk 
viscometer type should be mentioned in which 
oscillations of a disk in the liquid are used for 
measuring the viscosity. One variation of this 
type, that by Philippoff, will be treated in con- 
nection with non-Newtonian liquids in Chapter 
VIII. Another oscillation viscometer, a precision 
type, was described by Mason and Maass.* They 
used it for the study of viscosities in the critical 
region, in particular the transition along an 
isochore. Okaya® uses a different principle. The 
liquid is poured into a hollow cylinder, which is 
subjected to free oscillations, and the damping is 
determined, from which the viscosity of the 
liquid can be computed. The apparatus is used by 
the same author” to obtain viscosity data on 
gasoline. 
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26. The Couette Type and Falling Sphere 
Viscometers 


The principle of the Couette viscometer, often 
used in connection with non-Newtonian liquids 
and also plastics, will best be understood by 
considering a liquid between two infinite plane 
plates (Fig. 42) with separation b. The lower 
plane (s=0) should be stationary, the upper 
(s=b) moved with the constant speed m. The 
motion of the liquid between the plates can then 
be computed, using the differential Eq. (8) 
derived in Chapter I. Only one term of this 
equation, namely, the viscous force, is different 
from zero, there being no other forces present. 
The equation thus becomes 


nd*u/dz* =0. 


Integrated and adjusted to the proper boundary 
conditions: 


u = Uoz/b. (76) 


The shearing force is everywhere the same, 
namely nuo/b, and the heat dissipated per unit 
volume nuo?/b*. 

In the Couette viscometer, shown in diagram 
in Fig. 43, the motion is exactly of that type just 
described, i.e., linear increase of the velocity 
from one wall to the other. A is a container of 
cylindrical shape to be rotated by means of the 
shaft B; C is an inner cylinder, bordering on two 
guard rings D, and suspended on a torsion wire E 
with a mirror F. The liquid is contained between 
the inner and outer cylinders. 

The outer cylinder is now rotated with the 
constant angular velocity 6, the inner cylinder 
being stationary. A motion of the liquid of the 
type considered above will develop, exerting a 
viscous drag upon the cylinder C which will 
cause. an angular displacement and can be 
measured from the deflection of the mirror in 
connection with a suitable light beam. The 
purpose of the guard rings D is to exclude 
disturbing end effects. 

' Where the separation of the two cylinders b is 
small as compared with the radius r, the above 
Eq. (76) can be applied directly; in case this 
restriction should not hold, the equation can be 
generalized. The drag per unit surface is nuo/)d; 
since the total active surface is 2rrh (h=height of 
cylinder C), the drag is 2rrhnuy/b, and the couple 
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M acting upon the torsion wire 
M = 2xr-hynuy/b. 


If the wire is calibrated, 7 can be computed from 
the above equation. Generally @ is given instead 
of uo, in which case we have 


M =2rr*hnd/b. (77) 


With apparatus of this type the stress can be 
varied easily, by varying the angular velocity @. 

Among the different modifications that by 
Searle should be mentioned, in which the im- 
mersion depth of the inner cylinder is varied, 
thereby eliminating the end effect. Lee and 
Warren" describe a conical modification of the 
above-mentioned type for accurately measuring 
viscosities in the highly viscous range of 10* to 
10° poises. Nissan, Clark, and Nash" describe 
another rotary viscometer having an accuracy of 
1 percent. The chief errors connected with this 
type of instrument are discussed, together with 


Fic. 41. Schematic 
drawing of pump for 
Gemant-Southwell vis- 
cometer. 





possible means of avoiding them. End effect is 
eliminated by using a sharp-edged weir applied to 
the rotating cylinder. Crook" makes use of the 
rotating viscometer for particular purposes in the 
glass industry. 

The falling sphere viscometers are based upon 
Stokes’ law, which describes the uniform motion 
of a sphere in an infinite, viscous medium. This is 
one of the few cases that (along with the 
Poiseuille and Couette flow) allow a rigorous 
computation of the equation of viscous motion. 
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The derivation of this equation is done by setting 
up the fundamental equation (8), substituting 
proper boundary conditions at the surface of the 
sphere and at infinity, and integrating. The result 
is a viscous force F, acting opposite to the motion 
of the sphere in accordance with our general 
principle outlined in Section 2, of a magnitude 


F=6rnru (78) 


with r=radius of sphere, and u=its velocity. 

The viscometer consists of a solid sphere falling 
under the action of gravity in the liquid to be 
tested. The gravitational force is given by 
(42 /3)r*(p,— p)g with p, = density of the sphereand 
p=density of the liquid. In the stationary stage 
this force is equal to F, hence 


n=2(p.—p)gr?/9u. (79) 


Knowledge of the velocity allows the computation 
of the viscosity in absolute units. 

This looks fairly simple; in reality, however, 
certain difficulties are encountered. One is that 
turbulence (see Section 23) has to be avoided in 
order that Stokes’ law be valid. This condition 
somewhat restricts the method to more viscous 
liquids (oils and the like). 

The other difficulty is that the equations are 
strictly valid only for infinitely large containers. 
The limitations imposed in practice require the 
use of certain correction factors, of which many 
were proposed in the literature. If a long cylin- 
drical vessel is used, the end effects, due to 
disturbances at the top and bottom, can be 
neglected, and only the finite width has to be 
considered. If R is the radius of the vessel, a 
sufficient correction will be a factor of the form 
(1+mr/R) by which u in Eq. (79) has to be 
multiplied. The factor » was calculated by 
Ladenburg; according to a revision by Faxén its 
value should be 2.1. As can be seen, the factor is 
by no means negligible in practical cases. 

Further details on viscometry will be found in 
a monograph by Barr." 


27. Propagation and Absorption of Super- 
sonics in Liquids 
The phenomena to be discussed in this section 
are not actually used for the measurement of 
viscosity, because of experimental and theoretical 
uncertainties. Yet there are interesting relation- 
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ships between the propagation and absorption 
characteristics of waves and the viscosity of the 
liquid medium, worthy of being discussed here 
briefly. It may be that, at a later time when more 
knowledge in this particular field will have 
accumulated, it will be used for practical 
determinations. 

The propagation velocity of sound waves in a 
liquid is a function of its density and compressi- 


u, 
—— 





t ") 


b > 


, fz 
0 





Fic. 42. Diagram of flow in the Couette type 
rotating viscometer. 


bility, and thus does not depend on the viscosity. 
If, however, the liquid is enclosed in a narrow 
tube, viscous forces come into action and cause 
absorption, as discussed in Chapter IV. This, in 
turn, will affect the propagation velocity to an 
extent that may be quite appreciable. It was 
shown in Chapter IV that an approximate solu- 
tion could be obtained for the low frequency 
range. This will not hold for supersonics but, 
fortunately, there exists another approximation, 
valid for the high frequency range, more specifi- 


cally if 
1/n\} 
-(~) <1. 
r\ pw 


In this case the propagation velocity decreases 
and, as Helmholtz has shown, assumes the 


value c’: 
1/n\} 
-4'-(2)) 
r 2pw 


where c stands for the velocity in an unrestricted 
space. Equation (81) evidently would allow the 
determination of 7. Although such determi- 
nations were not carried out, some authors have 
shown experimentally that Eq. (81) is generally 
sound as long as Eq. (80) holds. A recent paper 
by Matteson and Vogt!® is pertinent, in which 
they determined by means of two entirely 
different methods the propagation velocities in 


(80) 


(81) 
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petroleum fractions in a wide enclosure and a 
relatively narrow tube. By applying Eq. (81) to 
the latter values, data for c were computed that 
were in good general agreement with those 
obtained by the former method. 

A particular advantage of a method based 
upon this principle would be the determination of 
the viscosities for different frequencies. It will be 
shown in Chapter VIII that the viscosity varies 
with the frequency for non-Newtonian liquids. 

In Chapter III the absorption of sound waves in 
gases was dealt with, and it was shown by means 
of the theoretical Eq. (36a) that absorption is 
chiefly controlled by viscosity. Experimental 
deviations could be explained by molecular 
absorption processes. 

In liquids the situation is somewhat similar, 
with the difference that the reasons for the 
existing deviations are not yet very well known. 
Equation (36a) holds for liquids as well as for 
gases. The order of a’ or a’/v* is around 1000 
times smaller. The reason is that the kinematic 
viscosity in liquids is smaller and the propagation 
velocity larger than in gases (the ratio of the 
latter in water to that in air is about 4 : 1). Thus 
the computed value of a’ /y* in water is 8.5 10-", 
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Fic. 43. Schematic 
a Lh drawing of the Couette 
viscometer. 
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that is, 1700 times smaller than in air. This 
circumstance makes water particularly suitable 
as a medium for propagating supersonics. 
Experimental determinations of the absorption 
in liquids were carried out in different ways by 
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different investigators. Biquard used a device 
that measured the radiation pressure of sound 
waves.'® The latter is a quantity not to be con- 
fused with p, the alternating pressure. It is a 
continuous pressure, proportional to p’, and its 
measurement supplies a possibility of deter- 





TABLE V. Absorption coefficients of sound in liquids. 








a X10? 

LiguIp COMPUTED EXPERIMENTAL 
Acetone 0.44 2 
Benzene 0.54 58 
Chloroform 0. 30 
Ether 0.57 3.5 
Toluene 0.49 5.4 
Water 0.54 1.6 
Xylene 0.78 4.7 











mining the decay of the intensity. The measure- 
ments are generally carried out by means of a 
torsion pendulus, the deflections of which are 
proportional to the radiation pressure. 

Another method" is based on the property of 
sound waves to act as a diffraction grating for 
light. The theory of the effect shows that the 
relative difference between incident and diffracted 
light intensity is proportional to the sound 
intensity. In a trough filled with liquid a sound 
wave is propagated, and a light beam passes the 
trough normal to the direction of the sound. 
While the optical device is kept at a given place, 
the trough is shifted, so the intensity is taken at 
different distances from the oscillator. 

Table V gives some results on a according to 
Biquard. The measurements were taken at about 
20°C. Computed and experimental values are 
presented (vy about 8X10° c.p.s.). 

Here again, as with gases, the experimental 
data are higher, in some cases considerably so, 
than the theoretical data. It was suggested that 
the same molecular mechanism might hold as for 
gases. It is more likely, however, that an entirely 
different process takes place. Liquids are not 
completely homogeneous, but form inhomo- 
geneities of a supermolecular order, partly owing 
to a tendency to build up quasi-crystalline 
aggregates, partly owing to the presence of 
thermal waves within the liquid. Acoustical 
waves will be scattered, therefore, by these 
heterogeneous ‘‘particles’’ and thus dissipated. 
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The effect will be a decrease of intensity in the 
direction of propagation, in addition to the 
purely viscous dissipation. 

The temperature coefficient of a@ is in certain 
cases (water) the same as that predicted by the 


viscosity constant; in other cases (e.g., alcohol) 
such an agreement does not exist, not even with 


regard to the sign. 
A practical determination of 7 on this basis 
does not seem to be possible at this time. 
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Electricity and Magnetism 


Electric and Magnetic Fields 


By SterHen S. Attwoop. Second edition. Pp. 
430+-xiii, Figs. 218, 15234 cm. John Wiley and 
Sons, Inc., New York, 1941. Price $4.50. 


Fundamentals of Electro-Magnetism 


By E.G. Cuttwick. Pp. 352+xxvi, Figs. 145, 1422} 
cm. The Macmillan Company, New York, 1939. 
Price $4.50. 


Fundamentals of Electricity and Electromag- 
netism 


By Vernon A. Suypam. Pp. 690+xix, Figs. 337, 
14322 cm. D. Van Nostrand Company, Inc., 
New York, 1940. Price $4.75. 


Electricity and Magnetism 


By Joun B. WuiteHeap. Pp. 221+xi, Figs. 96, 
14421 cm. McGraw-Hill Book Company, Inc., 
New York, 1939. Price $3.00. 


These four textbooks on electricity and magnetism have, 
of course, much in common with one another and with 
most other intermediate textbooks on this subject which 
presuppose some training in general physics and in cal- 
culus but do not presume to impart a complete treatment 
of electromagnetic theory. Each introduces in a manner 
quite adequate for its purpose the fundamental concepts 
of electrostatics and of magnetostatics, each boldly as- 
sumes at first the continuity of lines of force and at first 
introduces electric displacement in the arbitrary and un- 
adorned manner suitable to elementary presentation, 
each introduces magnetic cores into its inductances and 
measures the hysteresis of iron rings, and each scratches 
the surface of mentioning the atomic miracles which lie 
behind these phenomena. All these things and more we 
take for granted, in each book, in the following discussion 
of their individual differences. 

The book by Professor Attwood is a very practical text- 
book. Its style is direct and dogmatic, so as to convey the 
desired information to the engineering students for whom 
it is intended, while arousing a minimum of doubts as to 
background in hypothesis of the facts presented. The book 
is distinguished by its emphasis on the mapping of fields 
in numerous well-selected examples of simple symmetries, 
including image problems. Especially to this end, the 
illustrations are generous in size and number and graph- 
ically designed. Principles and practice are interwoven in a 
pleasant manner. For example, the chapter presenting 
the Poisson equation contains a treatment of thermionic 
emission and space charge in vacuum tubes. The book does 
not cover alternating-current problems in general, yet the 
utility of ferromagnetic saturation in the control of strong 
alternating currents is discussed. 
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Professor Cullwick’s book is less direct and dogmatic in 
style, yet in the body of the text itself very few words are 
wasted in transition, historical background, or justification 
of definitions. For a book of such practical intent, it ap- 
pears to be too much encumbered with poetic prologue 
and epilogue, with polemic footnotes and postscript, but 
these do not detract from its usefulness and may be of 
value for the more inquisitive students. The scope of the 
book is carefully confined to the classical problems con- 
cerned with the principles of electricity and magnetism, 
no mention, for example, being made of vacuum tubes or 
thermogalvanic phenomena. Nor is space devoted to 
measuring instruments or alternating currents. This con- 
centration leaves space, in a book of very moderate size, 
for development (though not by name) of Maxwell’s 
equations for the sake of a simple and graphically illustrated 
treatment of electromagnetic waves and related questions. 

Professor Suydam’s is a large book, written by a physi- 
cist for undergraduate students of physics, and exhibits 
strong contrasts with the essentially engineering books 
under review. In spite of its length, the fundamental 
principles of electricity and magnetism are more briefly 
stated here than in the books discussed above, in a manner 
unencumbered with lengthy illustrations or discussions 
of units. Electric and magnetic phenomena are condensed 
into closely successive pages for the sake of comparison 
and contrast. Measuring instruments are described and 
illustrated along with the discussion of the quantities to 
be measured. The greater length of the book is accounted 
for by the fact that it apparently aims to omit nothing 
related to the subject, lest the college student have no 
related course, as is indeed likely, whereas the engineering 
students for whom the other books are especially intended 
would be expected to pursue subsequent courses in alter- 
nating-current practice and vacuum tube techniques. 
Several pages at various points throughout the book are 
devoted to historical background, which serves not only 
to add some color to the presentation, but also to impress 
the student with the arbitrary nature of some of the pres- 
ent-day usage presented. The charming sort of digression 
from essentials to be found in the book is illustrated by the 
presence of a chapter—and one properly conservative and 
disillusioning—on terrestrial magnetism, preceding that 
on direct-current circuits. Atomic theory is well though 
briefly treated in the interior of the book, not serving as 
an introduction to the principles upon which its discovery 
was dependent, as in the book of Professor Attwood. 
The book proceeds far enough to include a nice treatment 
of Maxwell’s equations and simple waves. In spite of its 
inconvenient length, it is altogether a more orderly and 
teachable presentation of the material than is to be found 
in the older and popular book by Starling, for example, and 
is to be welcomed as a possible successor. 

Professor Whitehead’s book is distinguished chiefly by 
its admirable brevity and concise arrangement. There is 
much to be said for the view that most textbooks are too 
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long. Instructors who prefer a thorough manner of in- 
struction to an all-inclusive syllabus often find it necessary 
to omit half or more of a textbook on such a fundamental 
subject as this, and the, necessity of selecting omissions 
that are consistent with the subsequent material and needs 
of the course is usually very.awkward. The treatment of 
fundamentals in this book does not suffer in clarity because 
of brevity. There are trivial questions of usage about which 
one might quibble: The occasional use of the dyne (simply 
that!) as a unit of electric field intensity (page 9); the 
heading ‘‘electrodynamics” for a chapter chiefly on direct- 
current circuits. Short though it is, the book includes com- 
plex-numbér methods of computation and three-phase 
circuits, and even a chapter on discharge of electricity 
through gases. The fact that the latter contains no mention 
of the important concept of space charge suggests that 
completeness has here been sacrificed to brevity, though 
not in the more fundamental chapters. Even a book with 
the sound intent of brief presentation would be more con- 
venient for classroom use by being less barren of assignable 
problems. 

In the matter of units, any author finds himself in a 
dilemma in these days of the incipient introduction of the 
meter-kilogram-second system. One is torn between the 
dangers of beclouding with multiple units an explanation 
which is at best none too clear to the student, and of 
neglecting a worthy reform. Professor Cullwick has boldly 
embraced the reform—perhaps even too enthusiastically, 
in that he has presented not only the m.k.s. system, but 
the rationalized m.k.s. system as well, where the former 
alone might be considered to suffice, at least in this transi- 


tion period. The other three authors have perhaps erred in 
the other direction of neglect, passing by the reform with 
a mere mention of advantages, which serves little purpose 
without some use and drill. 

The old question of the advantages and disadvantages 
of an explicit vector notation we still have with us. The 
disadvantage is the necessity of a brief period of instruc- 
tion at the beginning of at least one course in a student’s 
career. This reviewer believes that the advantages of 
clarity and emphasis (as well as brevity of statement) far 
outweigh this disadvantage, and that the students’ 
introduction to consistent use of vectors should not be 
postponed beyond a course at this level. It is to be regretted 
that, of these four books, only the one by Professor Cull- 
wick makes any appreciable use of vector notation, and 
his use is not a consistent one throughout the book. 
He prints vectors in boldface type only where cross products 
are to be found, and in his last chapter. His introduction of 
the cross product in the middle of another discussion is 
somewhat insidious, and accompanied by _ insufficient 
explanation and drill for the student not already familiar 
with vector usage. For the better prepared student, a 
consistent notation from the beginning would be preferable. 
It is felt that each of the four books would have been 
slightly improved by an introductory chapter on the ele- 
mentary use of vectors, followed by consistent application 
throughout. Such a chapter was probably omitted in 
each case because of a not unjustifiable fear of hiding 
physical clarity behind unfamiliar mathematical concept. 

Davip R. INGLIs 
The Johns Hopkins University 





New Instrument Booklets 








The Nitralloy Corporation, 230 Park Avenue, New 
York, New York, has released a 45-page publication 
entitled Fatigue of Metals, Some Facts for the Designing 
Engineer and written by D. Landau. 


The October, 1941, issue of the Bakelite Review, a 
quarterly published by the Bakelite Corporation, 30 East 
42 Street, New York, New York, contains articles on the 
following topics: plastics aid defense; plastic shoe tips; 
plastic slipper bearings for steel rolling mills; defense 
cooperation of the glass and plastic industries. 


The leading article of the October, 1941, issue of The 
Ohmite News, monthly house organ of the Ohmite Manu- 
facturing Company, 4835 Flournoy Street, Chicago, 
Illinois, discusses taper-wound rheostats, and the No- 
vember issue continues the discussion with an article en- 
titled, ‘“Tapered windings decrease rheostat size required.” 


The Tin Research Institute’s Publication No. 105 deals 
with the determination of aluminum, bismuth, cadmium, 


copper, and zinc in tin-lead solders from records of their 
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spark spectra. This publication is issued by. the Tin 
Research Institute, Fraser Road, Greenford, Middlesex, 
England. 


“Pioneering the Cathode-Ray and Television Arts” is 
the title of the tenth anniversary booklet just issued by 
the Allen B. DuMont Laboratories, Inc., Passaic, New 
Jersey. This interesting booklet describes the founding of 
the Laboratories in 1931 and the development of many 
new tubes and devices, including the DuMont oscillo- 
graph, produced by the organization since then. 


Applications of Wheelco temperature controllers are 
presented in the September-October issue of Wheelco 
Comments, house organ of the Wheelco Instruments Com- 
pany, Harrison and Peoria Streets, Chicago, Illinois. 


Outstanding values in meters, motors and electrical 
equipment are listed in the October issue of This Month, 
publication of Herbach & Rademan, 522 Market Street, 
Philadelphia, Pennsylvania. 


Articles on such topics as vibration control and corrosion 
are featured in the September issue of The Frontier, 
published by the Armour Research Foundation, Chicago, 
Illinois. 
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Résumé of Recent Research 








Stereophonic Sound 
Film System 


The stereophonic sound 
film system! for the re- 
production of speech and 
music furnishes a reproduction which is complete 
in all respects. It reproduces faithfully sounds of 
all intensities from the lowest that can be heard 
in a quiet concert hall up to sounds of painful 
intensity ;? its frequency range* covers the average 
audible range; and its simulation of space effects 
has a very satisfactory degree of verisimilitude. 

The simulation of space effects is achieved in 
the following way: Suppose a plane to be drawn 
between the orchestra and the audience in a 
concert hall, and suppose a large number of 
microphones to be distributed over the plane. 
Suppose further that the microphone currents 
are amplified and supplied to loudspeakers dis- 
tributed in an identical manner over a similar 
plane in a concert hall having an audience but no 
orchestra. If the system is adjusted so that the 
loudspeakers duplicate the sound pressures at 
the microphones, then the audience will hear 
precisely the same sounds as though the orchestra 
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Fic. 1. Schematic diagram of stereophonic 
recording circuits. 
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were present and playing. While complete repro- 
duction would require a large number of micro- 
phones, it is found in practice that a satisfactory 
reproduction of spatial qualities, enabling the 
auditor to localize reproduced sounds originating 
in various places, can be obtained with only 
three microphones. 
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Fic. 2. Schematic diagram of the stereophonic 
reproducing circuits. 

















In the stereophonic system current from each 
microphone is amplified and led to a variable- 
area light valve which records on a sound track 
on a 35-millimeter sound-picture film having 
four such tracks. The maximum signal-to-noise 
ratio on such a track is 50 db, whereas the range 
desired for the stereophonic system is 80 db. 
This desired result is obtained as follows: When 
the signal which is to be recorded exceeds the 
range of the film, it generates a control current 
which increases in amount as the excess value of 
the signal above 50 db increases. The signal 


. recorded on the sound track is kept at the 


maximum value which the sound track can take, 
and the control current is modulated with a 
carrier frequency and recorded on the fourth 
sound track. The control currents from the other 
two microphones are modulated with different 
carrier frequencies and simultaneously recorded 
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on the fourth sound track. When the film is 
reproduced the control currents are selected by 
suitable filters and applied to the reproducing 
amplifiers where they control the output in such 
a manner that the loudspeakers reproduce the 
aerial pressures experienced at the microphones. 
A schematic diagram of the system is given in 
Figs. 1 and 2. The severe requirements for the 
system made it necessary to develop special 
varistors for use in the control circuits. 

Means for manually controlling intensity and 
frequency composition are provided on all three 
channels, so that an orchestra conductor, in 


Here and There 


Research Center of Applied Mathematics 








The Massachusetts Institute of Technology announces 
the establishment of a Research Center of Applied Mathe- 
matics under the direction of a supervisory committee 
consisting of representatives of the mathematics depart- 
ment and of the science and engineering departments 
principally concerned. For the academic year 1942-1943 
up to ten fellowships are open to students having the 
bachelor’s degree in any branch of science or engineering, 
who have shown particular aptitude in mathematics. 
Recipients of these fellowships, which amount to $500 and 
tuition, will register in the Graduate School as candidates 
for the Ph.D. or Sc.D. and will pursue courses of study 
under the direction of the supervisory committee. Applica- 
tions for admission to graduate work in the Research 
Center of Applied Mathematics and applications for 
fellowships in applied mathematics should be addressed to: 
Department of Mathematics, Massachusetts Institute of 
Technology, Cambridge, Massachusetts. 


* 
Post-Doctorate Research Fellowships 


The Westinghouse Electric and Manufacturing Com- 
pany announces that five new appointments will be made 
in the spring of 1942 to post-doctorate fellowships, estab- 
lised in 1937 for research in physics, including chemical 
physics, physical metallurgy and applied mechanics. 
Appointments are made for a period of one year and 
fellows are eligible for one reappointment for a like period. 
The salary of $2400 per year is paid semi-monthly. 
Currently an additional payment of $20.00 per month is 
made, although the Company reserves the right to restore 
the original rate at any time. Applicants must be American 
citizens, be under the age of thirty-five and have scientific 
training equivalent to that represented by a Doctor’s 
degree from a recognized university. 
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playing back a recording, can modify the in- 
tensity or frequency composition, or both, of 
any or all channels. This ‘‘enhanced’’ music, as 
it has been called, can be recorded without 
impairment of quality, and its reproduction 
yields artistic effects not obtainable with the 
unaided orchestra. 


1A full technical account of the system is given in a 
series of papers in the Journal of the Society of Motion 
Picture Engineers for October, 1941. Three of the papers 
are also published in the Journal of the Acoustical Society 
of America for the same month. 

2120 db above 10-* watt per square centimeter, i.e., 
10-4 watt .per square centimeter. 

340 to 15,000 cycles per second. 


The applicant should submit a detailed outline of his 
proposed research, including a statement of the importance 
of the problem, the proposed mode of attack and a brief 
account of the special facilities needed. An alternative 
problem may also be submitted. Because of defense require- 
ments, problems in nuclear physics will not be considered 
appropriate subjects this year. 

To receive consideration applications must be received 
by February 15, 1942. Formal announcement of awards 
will be made early in April and fellowship work may begin 
at any time thereafter except that all fellows are expected 
to report not later than October 1, 1942. Application forms 
and further information may be obtained from the Man- 
ager, Technical Employment and Training, Westinghouse 
Electric and Manufacturing Company, 306 Fourth Avenue, 
Pittsburgh, Pennsylvania. 


* 
Recent Appointments 


The Armour Research Foundation announces the 
appointment of Dr. Raymond G. Spencer as Chairman of 
Metallurgical Research, one of the four major sections of 
scientific endeavor in the Foundation. Dr. Spencer joined 
the staff as research physicist in June, 1941, while on leave 
of absence from Albion College, Albion, Michigan, where 
he was Professor of Physics and Head of the Department 
of Physics. As Head of the Metallurgy Section he will 
coordinate the large program of ferrous and non-ferrous 
metallurgical research in the new $250,000 metallurgy 
research building now being constructed. 

It is also announced by the Armour Research Foundation 
that Dr. William H. Earhart, formerly with the Edward 
Orton, Jr., Ceramic Foundation, has joined the staff of 
the Metallurgy Section as ceramist, and that George 
Stern, formerly with the American Electro Metal Corpora- 
tion, has accepted appointment as metallographer. 


* 


Mobile Power Plants for Navy 


The Bureau of Yards and Docks of the Navy Depart- 
ment plans to use two 10,000-kilowatt mobile steam-electric 
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power plants, mounted on special railway cars, to supply 
emergency power wherever its projects may require. The 
mobile power plants, ordered from the General Electric 
Company, will be the first of their kind to be built although 
the equipment used in them will be apparatus of types 
already proved in service in regular central station and 
industrial installations. Each of the units will be housed in 
two specially built railway cars which can be hauled over 
the rails at speeds up to 40 miles per hour. The power 
generating car will contain a 10,000-kilowatt turbine- 
generator and its accessories, a condenser, and the neces- 
sary switchgear. The boiler, with its auxiliaries, and a 
starting engine generating set will be housed in a second 
car. A mobile substation constructed on a standard car 
will be used in conjunction with each generating unit to 
permit proper voltage to be obtained for any Naval 
Shore Establishment. 
* 


Sub-Contracting in the Tube Industry 


A recent press release of the RCA Manufacturing Com- 
pany states that the tube industry is faced by problems 
of material shortage but even more so by lack of adequate 
production facilities and trained personnel. Tremendous 
demands for power and special purpose tubes, on which 
the industry has had little or no experience, are being im- 
posed by the defense program. To this end the RCA 
Company has indicated its willingness to extend to other 
manufacturers of tubes technical assistance and informa- 
tion normally regarded as a commercial secret in order to 
speed the manufacture of special types of tubes developed 
by RCA. 

* 


French Physicists Arrested 


It is reported in a recent issue of Nature that, on October 
19, the Vichy government confirmed the arrest in Paris 
by German authorities of five prominent professors of the 
University of Paris, among whom are E. Borel, Professor 
of Mathematical Physics, P. Langevin, Professor of Experi- 
mental Physics in the Collége de France, and A. Cotton, 
Professor of Physics. The charges against these men have 
not been made public. Twenty-three distinguished Ameri- 
can teachers and scientists have already submitted a 
protest to Marshal Petain against the imprisonment of 
these professors, requesting their freedom without delay. 
Professor Langevin was first imprisoned early in 1941 and 
later released for reasons of health. 


* 


Astronomy Prize 


The Pius XI Prize for Astronomy of the Pontifical 
Academy of Science, amounting to approximately $2500 
at normal exchange, has been awarded to Professor 
Harlow Shapley, director of the Harvard College Ob- 
servatory. Announcement of the award was made at the 
inauguration of the new academic year, which was attended 
by the Pope. 
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Meteorologists and Defense 


Professor Charles F. Brooks, head of the Blue Hill 
Meteorological Observatory at Harvard University, at a 
symposium on Science and Defense of the American 
Association of Scientific Workers estimated that perhaps a 
quarter to a half of the time of meteorologists in the 
United States is now being devoted to defense activities. 
Meteorologists are at present serving with the armed 
forces, training cadet officers to become weather fore- 
casters, and teaching in civilian aviation schools or as 
C.A.A. instructors. 


* 


Calendar of Meetings 
January 
21-23 American Society of Civil Engineers, New York, New York 
25-29 American Society of Heating and Ventilating Engineers, Phila- 
delphia, Pennsylvania 
February 
13-14 American Philosophical Society, Philadelphia, Pennsylvania 
16-19 Technical Association of Pulp and Paper Industry, New York, 
New York 
20-21 American Physical Society, Detroit, Michigan 
20-21 Optical Society of America, Baltimore, Maryland 


10-11 American Physical Society, Southeastern Section, Oxford, 
Mississippi 


Civil Service Examinations Reannounced 


In an effort to meet the increasing needs of the defense 
program for scientifically trained men and women, the 
Federal Civil Service Commission has reannounced, with 
modified requirements, three of its examinations for scien- 
tists. The reannounced examinations are those for Physi- 
cist, Explosives Chemist, and Chemical Engineer positions, 
with salaries in each field ranging from $2600 to $5600 
a year. 

In the field of physics, there is great demand for physi- 
cists well qualified in stress analysis, ballistics, elasticity, 
vibration studies, vacuum-tube circuits, and short radio- 
waves. There is an especial need for the Physicist who is a 
“‘gadgeteer’’—in the field of electronics and radio-physics 
to work in laboratories in producing both mechanical and 
electronic equipment. Provision is made in the new an- 
nouncement for accepting applications for the assistant 
grade positions ($2600 a year) from applicants who wish 
to qualify on college teaching unaccompanied by research. 

In the new Physicist and Chemical Engineer examina- 
tions, the recency requirements relative to experience have 
been modified. Although preference in certification will be 
given to those eligibles who acquired at least one year of 
their required education or experience within the ten years 
immediately preceding the filing of their applications, those 
whose qualifying education or experience was gained pre- 
vious to that 10-year period may be certified and appointed. 

For all of these examinations the age limit has been 
raised to 60 years, for regular probational appointment. 
Provision is also made for the waiver of age and physical 
requirements for temporary positions connected with the 
defense program. The announcements and application 
forms may be obtained at any first- or second-class post 
office or from the Civil Service Commission in Washington, 
D. C. Applications may be filed until further notice but 
qualified persons are urged to apply at once. 
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Bending Settlement of a Slab Resting on a Consolidating Foundation 


M. A. Biot* anp F. M. CLINGAN 
California Institute of Technology, Pasadena, California 


(Received August 26, 1941) 


The calculation of the settlement and bending of an elastic slab resting on a consolidating 
foundation under the action of a load concentrated on a line. Two cases are considered: first, 
when the slab is perfectly pervious to water, and second, when it is impervious. The problem is 


two-dimensional. 


1. SETTLEMENT OF A PERFECTLY POROUS SLAB 
UNDER A SINUSOIDALLY DISTRIBUTED 
LOADING 


N previous papers! the problem of settlement 

was considered in case the load was directly 
applied to the soil. We shall now evaluate the 
settlement for the case where an elastic slab is 
interposed between the load and the soil. The 
problem is analogous to that of the bending of a 
beam on an elastic foundation which was treated 
in an earlier publication.” In fact it may be con- 
sidered as a particular case of the present 
problem. 

We shall first evaluate the settlement of a slab 
under a sinusoidally distributed load. Consider a 
slab of stiffness EJ per unit width resting on a 
foundation. The vertical deflection w under a 
vertical load p(x) and a reaction p,(x) of the soil 
satisfies the differential equation 


EId*w/dx' = p(x) — pi(x). (1.1) 
Putting 
W=Wp COS AX, 
p= po cos dx, 
pi=A cos Ax, 
we find 
EIM‘wo= po—A. (1.2) 


This is a relation between the beam deflection 


* On leave of absence from Columbia University. 

1M. A. Biot, ‘Consolidation settlement under a rectan- 
font) load distribution,” J. App. Phys. 12, 426 (May, 
1941). 

2M. A. Biot, “Bending of an infinite beam on an elastic 
foundation,” J. App. Mech. 4, (March, 1937). 

3M. A. Biot and F. M. Clingan, ‘‘Consolidation settle- 
ment of a soil with an impervious top surface,’’ J. App. 
Phys. 12, 578 (July, 1941). 
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and the soil reaction. Another relation between 
the soil reaction and the deflection has been 
obtained in a previous paper.? Assuming the 
Poisson ratio to be zero (v=0) formula (1.8) of 
this previous paper yields in operational form 


Aa 1 
y= —| 1+ | (1.3) 
d L1+p/(A*c) } 


where a=1/2G is the compressibility and p is the 
differential operator 0/dt with respect to time. 
From (1.2) and (1.3) we derive 


of 
Wo= = ‘ (1.4) 
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Now we are interested primarily in the settle- 
ment due to consolidation. We therefore subtract 
from we the initial elastic deflection at ¢=0. 
This deflection is obtained by putting p= © in 
the expression for wo. The value of the settlement 
is therefore 


poa 
Wo— 
ACEI +1] 





wW,= cos Ax. (1.5) 


The following notation is introduced 
Ela=}', 


where b is a characteristic length and y=)i. 
Then the settlement may be written 


1 (y®+1)(1+p/(A%c) }'—-? 
w,=bapy . ; 
v(y?+1) illatiad cients 
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Actually this expression is an operator by which 
it is possible to find the time settlement relation 
when the sinusoidal load is applied suddenly at 
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Fic. 1. Settlement of a pervious slab under a concentrated 
load P at various instants (./7 = (ct)*/b). 


the instant ‘=0. The two operators appearing in 
the above expressions lead to the following 
functions 


(1+p)! 1 (1—a)! 
PA) =—P( Vt) —-——— "PL (1— a), 
pt+a a a 
(1.7) 
1 1 
——1(¢) =-(1-—e**), 
B+p B 
where 


2 * 
P(x)=— fet dt. 
/ 0 


VT 
Putting 
, r=ct/b?, 5=y'/(1+7'), 
1 
o(y, 7) =———_ | P(vVt) -6 
y(27*+1) 


+ be-O-8) 1°11 — P(dyy/r) ]}, (1.8) 


we derive the value of the time settlement func- 
tion for a suddenly applied sinusoidal load at 
t=0, 

w, = bapog(y, 7) cos Ax. (1.9) 
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2. SETTLEMENT OF PERFECTLY POROUS SLAB 
UNDER A CONCENTRATED LOAD 


From the value of the sinusoidal settlement 
we derive the settlement under an arbitrary load 
distribution fo(x) by using a Fourier integral 
representation of the load. 


1 Pa +2 

polx) == f anf Po(x1) cos A(x—x)dx,. (2.1) 
To —2 

The corresponding settlement of the slab will be 


a a) +0 
wx) == f dy Po(xi) (7, 7) 
0 


us —w 


Y 
Xcos aaa (2.2) 


or 


a i>] es] 
wia)=- f po(xi)dz f hike, 0 
To a 


7 
X cos 7 —x,). (2.3) 


Now if we have a concentrated load P extending 
over an infinitesimal interval x= —e to x=e we 
may write, 


+e 
p= f polx:)dx1 


—€ 
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Fic. 2. Maximum bending moment due to settlement as a 
function of 4/7 =(ct)*/b. 
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and the settlement becomes 


aP ff” 
w,(2)=— f oy, Devi, (24) 


T 


with x/b=£. 
In order to integrate this function the following 
approximations for g(y, 7) are substituted, 


¢Ly, (0.5)? ]=7.05ye—4-17 —0.7e—57 
—0.062¢—*-"7+4-1.32e-*-™, 
ely, (1.0)? ]=17.0ye—*-57 — 1.6e-57 
— 0.062¢—!-77 4+-2.79e-? 7, 
oly, (1.5)2] =25.0ye-*-97 — 3.4¢-6-77 
—0.160e-27 ++5.25¢e-*-%7, 
gly, (2.0)2] =32.6ye-5-27 — 1.1e-57 
— 0.060e—*7 + 3.41e—1!-27, 
¢Ly, (2.5)? ]=37.6ye—5-47 — 1.4e-4-77 


(2.5) 
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Fic. 3. Settlement of an impervious slab under a concen- 
trated load P at various instants (4/7 = (ct)4/b). 
































Also, if it is desired to secure the value of the 
bending moment due to settlement, this is 
given by 


9 


d*w, 
M,= —EI——=D" poy*o(y, 7) cos Ax (2.7) 
dx? 


for the sinusoidal load, or 



































— 0.160e—?7 +-4.38e—10-57, Pb 
M.=— | v’ely,7)cosyédy (2.8) 
gly, © |=46.6ye—>-87 +13. 5e-1% wr vo 
—0.115e-?-57+0.0148e-7. (2.6) for the concentrated load. 
When these are integrated we then have the following : 
aPf 16.8 — & 3.50 0.11 10.6 ] 
w.[| t= (0.5)? ]=— 7.05 - a 7 
wl [16.8+8]? 25+8? 2.89482 64.9487. 
aPy 21.1—¢ 8.00 0.11 \- 
w,{ 7 =(1.0)2]=— 17.0 = a 4 
rl [21.1+é?]? 25+ 2.89+¢#2 81.0+7! 
aPf 24.0 —é 22.7 0.32 47.46 i 
w.[7 = (1.5)?]=— 25.05 - a + 
wl [24.0+é#]? 44.94+£2 44+£2 81.7487] 
(2.9) 
aPy 27.0 —é 5.5 0.12 38.2 
w,|.7 = (2.0)? ]=+—| 32.6 _ - + | 
wl  [27.0+¢8}? 25+8 4482 125+¢2 
aPf 28.1—¢ 9.38 0.32 47.3 
w,{ r= (2.5)?]=— 37.6 “ - + | 
wl [281+8]}2 44.9482 4422 116422 
Pbt [6&4*— 1120?+5900 6£*— 200 6&?—12.5 6¢?—2 
M[r= 0 ]=—| 46.6 5 seg eee poarsioreremesens> os SEE cs | 
rls (31.3+£2)4 (100+ £2)3 (6.25 + £2)? (1+¢2)3 
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In Fig. 1 are plotted the settlements at various instants, and Fig. 2 shows how the bending due 
to the settlement at the location of the load varies with time. We note that for t= © the limiting 
value of this bending moment 


M,=0.1038P0. (2.10) 


In order to check the accuracy of the above method we may derive this expression by using the value 
of the bending moment obtained previously? in the case of a purely elastic foundation. By an easy 
adaptation of the formula to the case of two-dimensional strain the bending moment under the 


load is 
2 f2(1—v?)}! 
M=- —|-——] Pb, (2.11) 
3\/3L 1+” 


where v is the Poisson ratio of the elastic foundation and 3 is defined as above. Now in the case of a 
consolidating foundation the bending moment immediately after loading corresponds to an incom- 
pressible foundation (v=}3). This value is 


2 
M.=——Pb. (2.12) 
3/3 


The bending moment for t= © corresponds to v=0, hence 
2 
M.=—12'Pb. (2.13) 
3/3 

The maximum bending moment due to settlement is the difference between these expressions 

M.—M,.=0.100P8, (2.14) 
which is in fair agreement with the value (2.10) above. 
3. SETTLEMENT OF A SLAB IMPERVIOUS TO WATER UNDER A SINUSOIDALLY DISTRIBUTED LOADING 


Proceeding as before we have instead of (1.3) the relation obtained in a previous paper* for the 
settlement of a soil in the case in which no water was allowed to escape from the top surface. 


Aa 1 
w=] 14 , | (3.1) 
p/od?+(1+p/cr*)! 





Combining this with (1.2) we then have the expression corresponding to (1.4) 


poa 
Wo = ae 


)| ena +—— | 
1+1/(p/cd?+[1+p/cr*]}!) 








As before we find the deflection at =0 and since we are interested primarily in the settlement due 
to consolidation of the soil, we will subtract this original deflection and obtain the value of the 
settlement 





poa baps (y3+1)(p/cd?) —[(1+p/cr?) }!+-73 
w.-| ) -——_| cos Ax = —cosrx (3.3) 
MED\*a+1) (yi +1) (y?+1)7(p/cr?)?+ (y8— 1) (p/cd*) — 27° -1 


with the same notation as above: EJa=b', y=bi. 
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By factoring the denominator and separating into partial fractions we obtain forms which can be 
evaluated by (1.7). 


Making the same substitutions as before, r=ct/b?, we obtain the expression corresponding to 
(1.9) and (1.8) 


wW,=bapol(y, 7) cos Ax, (3.4) 


Wy, 1) = 1 2(L(v?+1)/(v? +5) #1) (1 — PEH(1—[(y?-+5)/(y2+1)) 9/7) 
ee yee IL t5)/4DP , 





Xexp [0301 —[(y? +5) /(y3+1) 82-1) ry2]— 





r( ¥ 


-PLyv*]) 
2y?+1 \yi+1 
(L(y +1)/(¥8 +5) +1) 
PE il lt —(1—PCS(A+ L(y? +5) /(v* +1) vv 7) 
1—3(1+[(y°+5)/(y3+1) })? 





Kexp [ALLY +5)/+DPF-Der']}. 5) 


4. SETTLEMENT OF IMPERVIOUS SLAB UNDER A CONCENTRATED LOAD 


The settlement due to a concentrated load P is 


aP fr” 
wa(x)=— f Vr, 2) cos vEdr. (4.1) 
T 0 


The following approximations for ¥(y, 7) are 
vLy, (0.5)? ] =} ye*:37++0.25y2e-2”’, | 
Ly, (1.0)? ] = ye3-7 + 1.48-y2e-3-17° 40.065 y4e71-57", ) 
WL, (1.5)? ] =2.25-ye-3-974+-3.2y2e-3-57* +.0.04y4e71-57", ‘ (4.2) 
VY, (2.0)? ]=4ye-*- 47 +2. Sy2e-8 17° +4 Ay2e-5-57", 
WL y,"(2.5)?]=6.25ye4:-77++-1.52y2e-3-87 +8. 3y2e-4-77* —4.0y4e-6-17°, 


The bending moment and settlement at r= © are the same as before. When (4.1) is integrated 
with the approximation given in (4.2) we obtain 








aPfi 11.9—¢€ 
w,.[|7= (0.5)? |]=— - — +0.0391(1—£/4) exp (—&, ®) | 
mw L4 (11.9+¢?)? 
aPrf 13.0—# 
w,{ 7 = (1.0)? ]=—-| ——————-+0.120(1 — £?/6.2) exp (— #/12.4) 





mw L(13.0+ 7)? 
+0.00524(3 —2&*+ 4/9) exp (-#/6)| 


w,[7=(1.5)?]=— 


us 





-+0.216(1—£2/7) exp (—£2/14) 


= y 15.2—£ 
4 (15.2+£%)2 


(4.3) 
+0.00322(3 —2#2+£4/9) exp (— /6)| 
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aPf 19.4—£& 
w,{_7 = (2.0)? |=- oe ———+0.151(1— &?/6.2) exp (— &/12.4) 


(19.44+£2)2 


T 


+0.151(1—£/11) exp (-—# 2), 


4 (22.1+&)? 


aPr25 22.1—# 14.4—3¢2 | 
11.6 +0.361(1—£2/9.4) exp (—£2/18.8) 


wr = (2.5)? ]=— G44) 


T 


— 0.00963(3 —0.492£?+ £4/149) exp (— e/24.)| 


Figure 3 shows the above value of w, plotted. In comparison with Fig. 1 it is seen that the prevention 
of water flow from the top surface decreases the rate of settlement. However, the amount of the 
bending moment at r=0 and r= @ is the same for both cases. Also, it can be seen that at a position 
§=3.5 very little settlement takes place in the case of the impervious slab. 





Emissivities and Temperature Scales of the Iron Group 


H. B. WAHLIN AND RuFus WRIGHT 
Department of Physics, University of Wisconsin, Madison, Wisconsin 
(Received September 18, 1941) 


The temperature scales have been determined for well-degassed specimens of the iron group 
and from these the emissivity for \=0.667u is calculated. Over the range of temperatures 
covered the emissivity is nearly a constant except at the A; point in iron where there is a sudden 


change. 


N a study of the thermionic properties of the 

iron group, the results of which will be pub- 
lished elsewhere, it was thought advisable to 
determine the temperature scales of the elements 
under the same condition of vacuum heat treat- 
ment as is used in thermionic studies. The results 
reported by Whitney! and Wahlin and Whitney? 
have shown that important changes in the 
spectral emissivity and therefore in the tem- 
perature scales may be obtained by prolonged 
heating in a vacuum. The work on iron, nickel, 
and. cobalt has yielded values differing sufficiently 
from those already in the literature so as to 
justify their publication in a separate paper. 


THE OPTICAL PYROMETER 


The disappearing filament optical pyrometers 
used in the measurements were modifications of 


1L. V. Whitney, Phys. Rev. 48, 458 (1935). 
?H. B. Wahlin and L. V. Whitney, J. Chem. Phys. 6, 
594 (1938). 
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the design proposed by Fairchild and Hoover.* 
Instead of a pyrometer lamp with a 3-mil 
filament, as is quite commonly used, a special 
lamp with a 1.5-mil filament was substituted. 
The result of this is that a greater latitude in the 
apertures of the optical system is permissible and 
a better match can be obtained, especially at 
the lower temperatures. Observers who had been 
using instruments with the larger filaments 
insisted that they could not get as good a match 
with the smaller filament but with a little 
practice did as well. The authors wish it under- 
stood that they are not presenting a brief for the 
use of the smaller filaments but are simply stating 
their own experience. 

Three pyrometers with objectives of different 
focal lengths were calibrated by sectoring up and 
down from the gold point, using carefully cali- 
brated sectors. They were then compared by 


3C. O. Fairchild and W. H. Hoover, J. Opt. Soc. Am. 
7, 543 (1923). 
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matching on a lamp with a band filament. One of 
the pyrometers which had shown no significant 
change in calibration over a period of more than 
a year was taken as a standard and the others 
were checked at irregular intervals against this. 
In obtaining the data on calibration as well as 
on the temperature scales, care was taken that 
the eyes of the observer (R.W.) were free from 
strain. A sufficient number of readings were taken 
at each temperature so that a reliable mean 
could be found. A confusion resistance which 
could be adjusted without the knowledge of the 
person matching the pyrometer was placed in 
series with the pyrometer lamp. The following 
reading of the pyrometer lamp current at the 
gold point may be taken as illustrating the 
degree of accuracy. 

0.12660 

.12643 

.12662 

.12662 

.12650 


The maximum spread from the mean in this 
series is about 7/10 of a degree. 


EXPERIMENTAL PROCEDURE 


The metals were prepared by electrolysis of 
chloride solutions, the deposits being made on 
stainless steel from which they could be easily 
removed. One sample of nickel was from a supply 
of sintered metal and this gave the most satis- 
factory thermionic results although the tem- 
perature scale did not differ materially from the 
electrolytic sample. The chloride solutions were 
used rather than the sulphate because in deposits 
made with the latter there is often an inclusion 
of some free sulphur which is bothersome in a 
vacuum system. 

In determining temperature scales and the 
emissivity the V wedge and the hollow cylinder 
have been used. The V wedge depends for its 
accuracy on the metal surface remaining specu- 
larly reflecting so that any light entering the V 
will be completely absorbed. When measure- 
ments are taken after prolonged heating of the 
metal in a vacuum the surface will in general 
cease to be specular and the reflection will 
therefore become diffuse. With such a surface 
the measured emissivity will be too high. For 
this reason the hollow cylinder was used. This 
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does not depend upon any particular type of 
reflection and should therefore give results more 
nearly free from error. 
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The cylinders were made from flat strips of 
the material 1 cm wide and 8 cm long. These 
were rolled to a uniform thickness of about 0.08 
mm and were formed into cylinders 8 cm long 
and about 3 mm in diameter. The edges of the 
strip overlapped and were spot welded in several 
places. This overlapping produced no noticeable 
temperature gradient. A hole } mm in diameter 
was drilled equidistant from each end. The radi- 
ation from this was so nearly that of a blackbody 
that no change in the emissivity could be ob- 
served until the diameter of the hole was 
increased to 0.65 mm. 

The cylinder was then mounted in a tube 
which in turn was sealed to a vacuum system 
capable of evacuating the tube to a pressure of 
3X10-§ mm. The tube was baked at a tem- 
perature of about 350°C for 200 hours, the tem- 
perature of the cylinder being raised gradually 
to about 1250°C. The furnace was then removed 
and the heating of the cylinder continued for a 
total period of about 500 hours. At the end of 
this time a pressure of 4X10-* mm was reached. 

The procedure in getting the data was to 
match the pyrometer with the radiation from 
the hole and with the radiation from the metal 
just above and below the hole. From the pyrom- 
eter currents the true and apparent temperatures 
were determined and from these in turn the 
emissivity calculated from the usual equation, 


v12. 
Co 1 1 
ae. —-—), 
AAT Te 
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where 7), is the true and 7, the apparent tem- 
perature. 

Figure 1 shows a plot of the emissivity at 
\=0.6674 against the true temperatures for all 
three metals. 


The temperature scales found for the three 
metals are shown in Table I. 


DISCUSSION OF RESULTS 


In Table I the apparent temperatures are 
given to a fraction of a degree. The decimal place 
must not, however, be taken too seriously. The 
temperatures listed are not the experimental 
values but are read from a plot of the experi- 
mental true versus apparent temperatures. The 
extreme deviation of any experimental point 
from the smooth curve drawn through the points 
was 2.2°. It is to be noted furthermore that our 
temperature scale for Ni differs by 4 to 5 degrees 
from that measured by Worthing and published 
in the International Critical Tables. 

As regards the spectral emissivity plot, the 
most interesting thing is the change in the emis- 
sivity of iron in going through the temperature 
where the crystal structure changes. It would 
seem that this temperature is now definitely 
fixed between 1182°K and 1188°K. The authors 
feel that the method is capable of yielding still 
greater accuracy and hope to push the accuracy 
still further in the near future. The scattering 
shown by the emissivity points in the neighbor- 
hood of the transition point is probably due to 
slightly unsteady conditions. 

In getting these emissivity data it was found 
that when the cylinder was taken through the 
transition temperature either going up or going 
down in temperature, the heating had to be 
carried out for a period of several hours before 
steady conditions were established. This was 
probably due to one or both of two factors. It 
might be due to the fact that when the change 
takes place the equilibrium distribution of surface 
crystal planes is disturbed and time must be 
allowed so that thermal etching and migration 
of atoms along the surface can re-establish the 
equilibrium. It might also be due to the creation 
in the metal of internal strains which must be 
removed by heating. It was found that carrying 
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the cylinder repeatedly through this temperature 
warped it very badly. 

The slight slope in the emissivity plot for 
cobalt may or may not be of significance. The 








TABLE I. 
Fe Co Ni Ni 

WaAHLIN AND | “WoRTHING, AS 
WRIGHT PUBL. IN I. C. T. 
APPAR- APPAR- APPAR- APPAR- 

TRUE ENT TRUE ENT TRUE ENT | TRUE ENT 
1100 1056.6 | 1150 1093.1, 1175 1111.4) 1000 956 
1125 1079.3} 1175 1115.5) 1200 1133.3 1100 1047 
1150 1101.8; 1200 1137.8) 1225 1155.8) 1200 1137 


1175 1124.8 1225 1160.1 1250 1178.0| 1300 1226 
1182 1131.2| 1250 1182.1! 1275 1200.1| 1400 1315 
1188 1131.9| 1275 1204.6 1300 1222.2| 1500 1403 
1200 1142.6 | 1300 1226.6 1325 1244.3 | 

1225 1165.3 | 1325 1249.0) 1350 1266.3 | 

1250 1187.8| 1350 1261.1 1375 1288.5 | 

1275 1210.0| 1375 1293.3 1400 1310.3 | 

1300 1232.6| 1400 1315.6 1425 1332.6 

1325 1255.0| 1425 1337.7| 1450 1354.6 

1350 1277.6) 1450 1359.8 1475 1376.9 

1375 1300 | 1475 1382.1) 1500 1399.6 

1400 1322.5| 1500 1404.2 

1425 1344.8 | 





total change in the emissivity over the range of 
temperatures used is not great. Nor is the scat- 
tering of the points of particular significance. It 
should be remembered that an error of 1° in the 
measurement of either true or apparent tem- 
perature will cause a relatively large change in 
the emissivity, since the log of the emissivity is 
proportional to the difference in the reciprocal of 
the temperatures. 

The closeness of the cobalt temperature scale 
to that of nickel suggests that for the wave-length 
used the reflecting power of the two is nearly the 
same. 

This work was made possible by a grant from 
the Wisconsin Alumni Research Foundation. 
The authors would like to take this opportunity 
to express their appreciation to the Foundation 
for support and to Dr. A. J. Krombholz of the 
Chemical Engineering Department for assistance 
and advice in preparation of the iron and cobalt 
used. We should like also to express our appreci- 
ation to the research laboratory of the Inter- 
national Nickel Company for furnishing samples 
of electrolytic and sintered nickel, and to Mr. 
E. M. Wise of that laboratory for interesting and 
helpful discussions. 
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D.C.-—A.C. Correlation in Dielectrics 


J. B. WHITEHEAD AND G. S. EAGER, JR. 
School of Engineering, The Johns Hopkins University, Baltimore, Maryland 


(Received September 4, 1941) 


It has been proposed by P. Béning that the curve of the rise of continuous voltage due to 
the residual charge of a capacitor may be used for computation of the dielectric loss under 
alternating potential. The proposal has been examined in experiments on two types of capacitor, 
one with impregnated paper and the other with glass as dielectric. A reasonable agreement 
between measured and computed values was found for the glass capacitor. A wide divergence 
was found for each of the two impregnated paper capacitors and grounds are offered for the 
conclusion that the Béning proposal is not sufficient for certain types of dielectrics. 





INTRODUCTION 


TTEMPTS to parallel the behavior of a 
complex dielectric with that of a network 
of pure capacitances and resistances have never 
been completely successful. In an effort to 
predict the alternating voltage behavior of di- 
electrics, Hess' in 1892 proposed as an equivalent 
circuit a pure capacitance with series and parallel 
resistances. Before this the proposal was implicit 
in Maxwell’s treatment? of the layer dielectric. 
Since these early studies there have been many 
others. None of them gives complete parallel 
behavior, the reason being that the capacitance 
and conductance of a complex dielectric do not 
obey the simple laws of ideal loss-free capaci- 
tances and of ohmic resistance. 

Much better success has been obtained in 
predicting the behavior under alternating poten- 
tial from measurements under continuous po- 
tential. Thus, von Schweidler,* using the super- 
position principle and the curve of discharge of 
an absorptive capacitor under continuous poten- 
tial, derived expressions for both loss and 
capacitive components of the current under 
alternating potential. One of the present authors‘ 
has explored the von Schweidler method and 
found an accurate agreement between computed 
and measured values of dielectric loss over a 
wide range of frequency, if due attention is paid 
to the time-interval elapsing between the instant 





1A. Hess, Lumiére élec. 46, 401, 507 (1892); J. Phys. 
[3] 2, 145 (1893); 1, 145 (1893); Eclair. Elec. 4, 205 
(1895); 7, 450 (1896). 

2 J. C. Maxwell, Treatise on Electricity and Magnetism 
(1873), Vol. 1, p. 328 

’ E. von Schweidler, Ann. d. Physik 24, 711 (1907). 

‘J. B. Whitehead, J. Frank. Inst. 208, 453 (1929). 
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of application of continuous potential and the 
initial point on the curve of absorptive charging 
current. 

Recently P. Béning® has proposed that a 
better experimental method for correlating d.c. 
and a.c. behavior is to be found in the curve of 
“return voltage,” that is, the rise in voltage at 
the terminals of an absorptive capacitor, follow- 
ing a long charge and a momentary short circuit. 
The present paper describes an experimental 
study of the validity of Béning’s proposal. 


THE TWO-LAYER COMPLEX DIELECTRIC 


Béning’s analysis is based on the assumption 
that the circuit network shown in Fig. 1 is 














Fic. 1. Two-layer model. 


equivalent to a complex dielectric of two sub- 
stances, and that a similar analysis and result 
will obtain for any number of substances. Thus 
the assumption as to the equivalent circuit is 





5 P. Boning, ‘“‘Bermerkemwerte Zusammenhinge zwischen 
den anomalen Strémen, dem Verlusfaktor, der scheinbaren 
Kapazitat und der Riickspannung bei Isolierstoffen,’’ Zeits. 
f. tech. Physik, No. 8 (1938). 
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that of Maxwell, and that studied at some 
length by K. W. Wagner.® 
If, after the voltage E has been applied for a 
long period, E be removed and a short circuit 
momentarily placed between terminals 1 and 2, 
and then the terminals be insulated from each 
other, a voltage will build up between the 
terminals. This is Béning’s ‘‘return voltage,”’ E, 
which he finds to have the value: 
E(C2R2—C,Ri) 
Ex =—--— 
(Rit R2)(CitCe) 


X[Lexp (—t/C2R2) —exp (—t/C1R,) ]. 


Thus the return-voltage curve in the two-layer 
case is the algebraic sum of two exponential 
curves. If C,R,:=C;Rz, there is no return voltage, 
that is, no absorption. The maximum value of 
Er occurs at 





TiT? T; 
tmax nim tes log 
T,-T2 T2 
T; = CiR, 
T> = C2Ro. 


From the expression for the return voltage, we 
have: 
tan a= EG,/C, 


where tan a=initial slope of the return-voltage 
curve 
C=geometric capacitance 
=C,C2/(Cit+C2), in the equivalent 
circuit 
G,;=“‘inner conductivity. 


” 


The term G; is called by Béning the “inner 
conductivity” since it has the dimensions of 
conductivity. He finds that all the important a.c. 
properties may be expressed as functions of G; 
and the frequency. 

If 5 is the angle by which the alternating 
current fails to lead the voltage by 90° in the 


_model, then tan 6 may be expressed 


1 
tan 6=——(G;+G), 
w 
where w=2xf 
f=a.c. frequency 
G=through conductivity 
=1/(Rit+R2)=1/R. 


6H, Schering, Die Isolierstoffe der Elektrotechnik (Julius 
Springer, Berlin, 1924), p. 1. 
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The only assumptions are that R,>w, C,; and 
R2>wl2. 
Since 
’ C 
Gi=— tan a 


7 
4 


1 
tan 6=—— tana 
wk 


where G is negligible, and 


1 1 
tan 6=—— tan a+——-,, 
wk wCR 


where G is not negligible. 

Thus if the angle a is determined experi- 
mentally, tangent 6 is known, whence the phase 
difference, a.c. capacitance, power factor and loss 
are immediately determined, for a check with 
measured values. 


EXPERIMENTAL METHOD 


The circuit for obtaining the return-voltage 
curve is given in Fig. 2. The four contacts shown 


|| 
: | 





| VACUUM 
) TUBE 
} 
VOL TMETER 


LECTROMETER =| 





seccmen | * $90 000.» 


\e 


é 


Fic. 2. Circuit: quick acting switch. 


at M and N are all parts of a rapid spring- 
actuated switch with magnetic relay control. In 
the positions shown, the capacitor for study is 
connected with the charging battery. Upon 
operation of the switch, relay 7 operates, first 
connecting the high potential terminal to ground, 
and short-circuiting through R, for removal of 
the geometric charge. After a short adjustable 
period (0.001 to 0.003 sec.) relay N operates, 
removing ground connection from the tail and 
guard of the capacitor, thus connecting the 
latter to the equipment at the right of the figure, 
for recording the rise of the return voltage. 

The essential problem is to obtain a record 
beginning as early as possible after the dis- 
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appearance of the geometric charge. The shortest 
time interval of short circuit obtainable with the 
rapid mechanical switch was 0.0005 sec. ; within 
this interval the geometric charge is reduced to 
negligible value as seen on the oscillograms. 
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Fic. 3. Inverted vacuum-tube voltmeter. 


Inverted Vacuum-Tube Voltmeter 


A further requirement is that the measuring 
and recording equipment shall take no charge 
from the capacitor under study. To meet these 
requirements we have developed the combination 
of inverted vacuum-tube voltmeter and electro- 
magnetic oscillograph shown in Fig. 3. It con- 
sists essentially of two RCA tubes, the first of 
which (No. 1623) is operated at one-half normal 
filament current and with grid positive at 9 volts; 
the voltage applied to the plate is always 
negative. The second tube (25L6G) has an out- 
put current adjusted to the range of the oscillo- 
graph. The calibration of the voltmeter-oscillo- 
graph combination is indicated in Fig. 4. The 
milliammeter provides a current calibration for 
the oscillograph. Curves A and B give as abscissae 
the centimeters deflection of the oscillograph for 
the minimum and maximum positions of the 
rheostat R;, respectively, and as ordinates values 
of input voltage. Curve C gives the current 
values of the oscillograph deflection correspond- 
ing to curve A. The sensitivity of the inverted 
voltmeter is thus 38.9 volts per cm for A adjust- 
ment; and 40.0 volts per cm for B adjustment. 

The linearity between input voltage and 
oscillograph deflection is remarkable. It is accom- 
plished principally through adjustment of rela- 
tive values of the constants in the several 
connections. The range over which linearity 
obtains is from 0 to 150 volts. 

A test of the conservation of charge of the 
combination, inverted vacuum-tube voltmeter 
and oscillograph, was obtained by measurements 
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on an air capacitor in series with a high non- 
inductive resistance. Oscillograms of both charge 
and discharge currents agreed with computed 
curves to a maximum inaccuracy of 2 percent. 
The rise of the return-voltage curve after 15 
seconds was measured on a quadrant electrom- 
eter, which instrument was also used for meas- 
uring the long-time d.c. conductivity of the 
specimens and the leakage resistances of the 
various elements of measuring equipment. 


A.C. Measurements 


A high sensitivity Schering bridge was used for 
measuring a.c. capacitance, power factor and 
loss, a bridge somewhat similar to that de- 
scribed by Kouwenhoven and Bajios.? Over the 
range studied the value of the 60-cycle power 
factor could be read to 110-5. 


THE CAPACITORS 


Three experimental capacitors were investi- 
gated, two of impregnated paper and one of 
glass. Paper specimen No. 1 was made up of 
two layers of non-calendered wood pulp paper, 
as used for high voltage cables, in sheet form 
placed between plane brass gold-plated elec- 
trodes. The thickness of one layer of paper was 
0.0036 in. Paper specimen No. 2 consisted of 10 
layers of the same paper, being otherwise similar 
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Fic. 4. Inverted vacuum-tube voltmeter, 
calibration curves. 





7W. B. Kouwenhoven, and A. Bajios,~ Jr., Trans. 
A.I.E.E. (Mar. 1932), p. 202. 
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to No. 1. In both cases the paper was assembled 
between the capacitor plates provided with 
guard rings, assembled in a measuring cell 
arranged for vacuum, temperature control, and 
admission of a high grade insulating oil for 


impregnation, all as described in earlier papers.® 
After assembling and mounting, the capacitors 
were dried and impregnated in accordance with 
a well-accepted procedure resulting in a high 
level of insulating properties. Capacitor No. 2 
differed from No. 1 in that No. 2 before testing 
was subjected to 400 volts per mil alternating, 
and 80°C, for 116 hours resulting in a substantial 
deterioration as indicated by an increase of 
power factor. Capacitor No. 3 had as a dielectric 
a sheet of soda-lime glass of average thickness, 
0.065 in. This glass was mounted between the 
brass electrodes of the test cell with a coating of 
colloidal graphite to insure intimate metallic 
contact with the electrodes. Evacuation of the 
cell at 60°C for 24 hours and suitable measure- 
ments indicated the absence of surface leakage. 
THE MEASUREMENTS 
Return-voltage measurements were made on 
specimen No. 1 at 40°C and for charging voltages 


250, 500, and 750 volts, i.e., at stresses 35, 70, 
and 105 volts per mil, respectively. Measure- 








Fic. 5. 


8 J. B. Whitehead, Impregnated Paper Insulation (John 
Wiley & Sons, 1935). 


46 





ments were made on paper specimen No. 2 at 
80°C, 912 volts, or 25.4 volts per mil. 

The measurements on the glass capacitor No. 3 
were made at 30°C and at voltages 250, 500, 
and 750 volts. In each case power factor and 
dielectric loss were measured at 60 cycles and at 
the same values of temperature and voltage as 
in the return-voltage readings. 


Trimet '% SECONDS 


Fic. 6. Return-voltage curves, impregnated paper, 
specimen No. 1. 


EXPERIMENTAL RESULTS 


Oscillograms 


Typical return-voltage records are shown for 
impregnated paper specimen No. 1 and for glass 
specimen No. 1 in Fig. 5; timing waves at 100 
and 1000 cycles, respectively, are also included. 
Close inspection will show an initial peak record- 
ing the discharge of the geometric charge, meas- 
ured as voltage across the resistance R (10,000 
ohms), Fig. 2. The duration of the short circuit 
as measured by the initial and final zero values 
of this peak, varied between 0.001 sec. and 
0.0035 sec. according to the adjustment of the 
contacts on relay N. The initial slope of the 
return-voltage curve could be read directly from 
the oscillogram or from the assembled curves for 
each specimen as shown in Figs. 6 and 7. Several 
oscillograms were taken for each capacitor and 
voltage, and the averages of the measurements 
indicated that the maximum inaccuracy of the 
determination of the initial slope of the return 
voltage curve was not greater than 5 percent. 

Table I gives in successive columns for the 
several capacitors, applied voltage, power factor 
as measured on the Schering bridge, power 
factor as computed from the Béning formula, 
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TABLE I. Power factor values. 





Impregnated paper specimen No. 1. 





P.F. Com- P.F. Due 
SCHERING PUTED TO REV. P.F. DUE To 
BRIDGE FROM D.C. ABSORP- IRREVERSIBLE 
P.F. MEASURE- TION AS CONDUCTION AS 
VOLTAGE VALUES MENTS COMPUTED COMPUTED 
250 0.00299 0.000334 0.000324 0.00001 
500 0.00310 0.000363 0.000353 0.00001 
750 0.00316 0.000388 0.000378 0.00001 
Impregnated paper specimen No. 2. 
P.F. As 
A. COMPUTED P.F. Due P.F, DUE To 
BRIDGE FROM D.C. Tro ABSORP- IRREVERSIBLE 
MEASURE- MEASURE- TION AS CONDUCTION AS 
VOLTAGE MENT MENTS COMPUTED COMPUTED 
912 0.0230 0.00536 0.00504 0.000323 
Glass specimen No. 3. 
Temperature 30°C 
P.F. DUE 
P.F. TO IRRE- 
P.F. P.F. Cor- VERSIBLE 
MEAsS- Com- RECTED P.F. Due ConpbDuc- 
URED BY PUTED Com- TO AB- TION— 
SCHERING VALUE PUTED SORPTION Com- 
VOLTAGE BRIDGE VALUE COMPUTED PUTED 
250 0.0650 0.0568 0.0652 0.00322 0.0536 
500 0.0657 0.0578 0.0661 0.00261 0.0552 
750 0.0669 0.0584 0.0668 0.00231 0.0561 





corrected computed values (capacitor 3 only), 
power factor due to absorption as computed, 
power factor due to irreversible conduction as 
computed. 

The power factor due to reversible absorption 
is computed from the relation 


tan 64=(1/wE)-tan a 


and that due to irreversible conduction from the 
relation 
tan 6;=1/oHCR. 


The values of irreversible conduction are based 
on long-time measurements with the quadrant 
electrometer. 

Fig. 6 shows on semi-log scale the return- 
voltage curves at 3 voltages for impregnated 
specimen No. 1 as taken from the oscillograms 
for short intervals, and by electrometer for long 
intervals. The maximum values for the 3 voltages 
occur after approximately the same interval of 
about 150 sec. 

Observations on impregnated paper capacitor 
No. 2 were made at only one value of voltage. 
The maximum of return voltage in this case was 
reached in less than one second due to the rela- 
tively high conductivity of the specimen. 
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The initial slopes of the return-voltage oscillo- 
grams for both impregnated specimens were inde- 
pendent of the period of short circuit. 

Return-voltage curves of the glass specimen 
are assembled in Fig. 7. It will be seen that the 
initial slopes are very steep. The maxima occurred 
beyond the range of the oscillograms but the 
curves are picked up shortly thereafter by direct 
reading of the output current of the inverted 
vacuum-tube voltmeter. In the same figure for 
comparison there are given the three initial 
slopes of the oscillograms from impregnated 
paper specimen No. 1. 

It was further found for the glass capacitor 
that the initial slope of the oscillograms varied 
with the duration of the short circuit interval. 
This was apparently due to the very high value 
of its final conductance. A part of the absorbed 
charge is apparently lost during this period. 
The variation in the computed values of the 
absorption component of power factor, with the 
time duration of the short circuit is shown in 
Fig. 8. The curve is seen to be quite regular and 
approaching linearity in the region below 0.001 
sec. The corrected computed values of column 5 
of Table I are obtained by extrapolation to the 
point of intersection with the vertical axis, 
which thus corresponds to short circuit of zero 
time duration, and zero loss of charge due to 
absorption. 


DISCUSSION 


The power factor of the glass specimen as 
computed from the return-voltage curve is 
slightly lower than that measured. The difference 
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Fic. 7. Return-voltage curves. GP—glass specimen; JP— 
impregnated paper. 
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becomes rapidly less as the period of short 
circuit is reduced. When the measured value is 
corrected to zero duration of short circuit, a very 
close agreement is found between measured and 
computed values. This indicates that the losses 
of this glass capacitor are accounted for by the 
theory of Maxwell as applied to the two-layer 
case and as computed by Béning from the 
return-voltage curve of the equivalent two-layer 
model. It is to be noted that the conductance of 
the capacitor is very high and that about 80 
percent of the total losses and of the power 
factor are due to irreversible conduction. The 
agreement between measured values and those 
computed by the Béning formula therefore apply 
to only 20 percent of the over-all measured 
values of loss. We have, then, in this case a 
very strong indication of the validity of the 
Boning proposal. 

For the impregnated paper specimens there is 
no suggestion of even an approximate agreement 
between measured and computed values of power 
factor. In all cases the initial slope of return- 
voltage curve was far too low for such agree- 
ment. A variation of initial slope with duration 
of short circuit was not found for the paper 
specimens; in these the values of final conduct- 
ance were very much lower than in the glass 
specimens. The special two-layer case of Maxwell 
thus does not account for all of the losses found 
in specimens of this type. It is suggested that the 
large additional measured loss is due to the 
relatively large-and sluggish ions known to be 
present in insulating oils. It has been shown 
that these ions frequently accumulate as space 
charges at the electrodes.’ They oscillate freely 
under an alternating potential thus giving rise 
to an internal loss. However, in the absence of 
stress their motion in recombination is exceed- 
ingly slow. During a brief period of short 
circuit there will be little or no motion of these 
ions. On opening of the short circuit the plates 


will take up corresponding induced charges. 


Thus the recombination of the space charges 
will be further retarded. As a result, these ions 
will contribute heavily to an a.c. polarization 
and loss, but little, if any to the initial slope of 
the return-voltage curve. 

The results of this work indicate, therefore, 
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that Béning’s proposal for the use of the return- 
voltage curve as a method of computation, is 
valid for a capacitor in which the dielectric is 
rigid and homogeneous, and over a wide range of 
long-time conductivity. 

On the other hand, for a material in which a 
part of the polarization is due to extended 
excursions of sluggish ions forming space charges, 
as, for example, in impregnating oils, the B6ning 
proposal fails to give agreement between com- 
puted and measured values. 

As compared with the author’s method‘ of 
recording and using the charge or discharge 
current curves and the von Schweidler formula, 
the experimental difficulties in recording the 
return-voltage curve as proposed by Boning are 
considerably greater. 
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Fic. 8. Glass specimen. 


CONCLUSIONS 


(1) Return-voltage curves have been recorded 
on three types of absorptive capacitors. The 
initial slopes of these curves have been used to 
test the proposal of P. Béning that they offer a 
method for computing dielectric loss under alter- 
nating potential difference. 

(2) A good agreement has been found for a 
capacitor having as dielectric a soda-lime glass 
of relatively high conductivity. 

Measurements on two impregnated paper 
capacitors fail completely to give agreement 
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between measured values and those computed by 
the Boning formulae. 

(3) The divergence between measured and 
computed values in the case of impregnated 
capacitors is attributed to the presence of space 
charges in the impregnating oil, which contribute 
heavily to measured values of loss, but which 
recombine so slowly on open circuit that they do 


not contribute materially to the initial rise of the 
return-voltage curve. 

(4) An inverted vacuum-tube voltmeter has 
been developed, whose input current is negligibly 
small and whose output current is linearly pro- 
portional to the input voltage up to 150 volts, 
and readily adjusted to the operating current 
range of the electromagnetic oscillograph. 





Electrostatic Electron Lenses with a Minimum of Spherical Aberration 


GILBERT N. Ptass* 
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A method is suggested for the construction of electrostatic electron lenses by building equi- 
potential surfaces whose position in space is calculated from an assumed axial potential. The 
calculations are carried through for examples of symmetrical and immersion lenses. The sym- 
metrical lens chosen is the well-known one with minimum spherical aberration represented by 
an axial potential V(s) = Ve+A exp (— Bz*) and it is shown that this lens can actually be con- 
structed. An axial potential formed by a sum of two exponential terms is found, for suitable 
values of the constants, to reduce the spherical aberration to less than one-half that of the 
above symmetrical lens. An expression is proposed for the immersion lens with minimum 
spherical aberration. The aberration for this lens is approximately one-half that of the above 
symmetrical lens. It is shown. that the usual formula for the focal length of a strong lens is 
merely the first term in an infinite series and that serious inaccuracies occur by not considering 


further terms. 


INTRODUCTION 


HE electrostatic electron lens having mini- 

mum spherical aberration is of interest 
since this aberration is often the most serious of 
those afflicting electron lenses. By a suitable 
choice of the axial potential, this aberration can 
be minimized and the corresponding lens 
designed by the calculation, from a series 
expansion of the axial potential, of the position 
of the equipotential surfaces in space. This 
method will be described first as applied to the 
symmetrical lens and then it will be used for 
other types of lenses. 


SYMMETRICAL LENS 


Scherzer! has calculated the potential distri- 
bution along the axis of a lens having minimum 





* Now at Palmer Physical Laboratory, Princeton Uni- 
versity, Princeton, New Jersey. 
1Q. Scherzer, Zeits. f. Physik 101, 23 (1936). 
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spherical aberration and found it to be 


V(z) = Vo+A exp (— Bz’) (1) 


where z is the axis of cylindrical symmetry and 
Vo, A, B are constants. These calculations 
assumed a weak lens [ Vo>A ] and a symmetrical 
lens [ V(—z) = V(z) ]. If this function minimizes 
the spherical aberration for weak lenses, it is 
reasonable to suppose that for strong lenses it 
will make this aberration very small if not 
actually a minimum. 

Scherzer then proceeded to calculate the 
position of the equipotential lines in space for 
this ‘‘minimum”’ lens using a method valid only 
for large values of r (the distance of the point in 
question from the z axis). The resulting potential 
distribution was so complicated that he con- 
cluded that the lens could never be built. 

In the present paper this calculation is done 
by a method valid for small values of r. The 
resulting potential distribution is_ relatively 
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simple and is not at all similar to the complicated 
distribution that apparently exists far from the 
axis. Therefore it is concluded that this “‘mini- 
mum” lens can actually be constructed by 
slightly changing the design of ordinary sym- 
metrical lenses. 


For convenience in calculation the axial poten- 
tial was chosen to be 


V(z)=Vo+A exp (-=). (2) 


The equipotential graphs for values of B other 
than } can be easily obtained by shrinking or 
expanding the z axis an amount proportional to 
1/(2B)'. The calculations of the potential in 
space were made from the ‘‘fundamental” 
equation of electron optics? 


ee r' 
V(z, r) = V(z) ——V"" (2) +—_V"(2) —- --, (3) 
22 9242 


where primes indicate differentiation with respect 
to z. The potential was calculated to four sig- 
nificant figures at intervals of 0.1 in 7 and z using 
terms up to and including those in r and 2” in 
the series expansion and then interpolation was 
used to find the position of the equipotential 
lines. The results are shown in Figs. 1 and 2. The 
three-dimensional figure is obtained by revolving 
these figures around the z axis.’ It will be noted 
that this graph is very similar to those obtained 
experimentally from symmetrical lenses that 
have already been constructed.* ° 

Although the series expansion for r and z 
appeared to be converging in the interval 
covered by Fig. 1, several other checks on the 
convergence were made from various properties 


2L. M. Myers, Electron Optics Theoretical and Practical 
(Chapman and Hall Ltd., 1939) p. 87. 

*In an attempt to approximate to the performance of 
actual symmetrical lenses, the calculation of the potential 
distribution in space from that along the axis has been done 
in the very simple case of a parabolic axial potential. See 
R. Gans, Zeits. f. tech. Physik 18, 41 (1937). The data 
given in this paper shows that this hypothetical lens is a 
poor approximation to real lenses. This would be expected 
since the discontinuity where the parabola is arbitrarily 
broken off as it cuts the axis cannot be imitated in nature. 

‘ 3) Johannson and O. Scherzer, Zeits. f. Physik 80, 183 
(1933). 

5F. Gray, Bell Sys. Tech. J. 18, 1 (1939). Here electrodes 
of the general appearance of those in Fig. 1 are suggested to 
reduce spherical aberration. 
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of the graph. The formula for the radius of 
curvature of the equipotentials as they cut the 
z axis® 


2V'(z) . 
R=— (4) 
V"’(z) 


and the fact that the angle between the equi- 
potential and the z axis at a saddle point (here 
z=0) is 54° 44’ © were used and found to be in 
complete agreement with the graphs. 


7 7 a 
7— 

Fic. 1. Plot of the equipotential lines in space which 
result from a potential along the z axis given by Eq. (2). 
The shaded areas indicate equipotentials that would be 
suitable to use in the construction of this lens. 
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FOCAL LENGTH AND ELECTRON TRAJECTORY 


The usual formula for the focal length of a 
strong lens (i.e., no weak lens approximations) 
is? 


1 1 3 
seis lla -f —§dz, (5) 
fe 4/V2 -» VV 


where f2 is the paraxial focal point for a parallel 
beam of electrons approaching the lens from the 
left and V2 is the limiting potential as z+. 
This is actually only the first term in an infinite 
series for the focal length. In order to obtain this 
series the procedure is merely to replace r by 
better and better approximations in the exact 
integrated paraxial trajectory equation® 


dr 1 oi 
<a f ——§dz. (6) 
awe 





® E. Bruche and O. Scherzer, Geometrische Electronenoptik 
(Julius Springer, 1934), p. 66. 

7E. Bruche and O. Scherzer, reference 6, p. 93. 

8L. M. Myers, reference 2, p. 105, Eq. (5a) with rq’ set 
equal to zero, since in calculating the focal length the beam 
that is considered enters the lens parallel to the z axis. 
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The result is 
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dzdzdzdzdz—---. (7) 








It is understood in writing the equation in 
this form that in each term the first integral on 
the right will be evaluated first to obtain a 
certain function of z which will then become 
part of the integrand of the second integral 
from the right. This second integral may then 
be integrated. This procedure is repeated until 
all the integrals are evaluated. In this equation 
if z is measured in cm, f will be in cm. 

Calculations made from (7) to obtain the 
focal length of the strong lens having an axial 





potential 


(7a) 


2 
rorfr-soo(-) 
0) 2 , 


gave the following results: 


f2=21.32 cm using only the first term in (7); 
fo=12.97 cm using the first two terms in (7) ; 
f2=12.42 cm using the first three terms in (7) ; 
f2=12.36 cm using the first four terms in (7). 


It is apparent from these calculations that the 
usual formula for the focal length may give very 
inaccurate results since the second term in the 
infinite series makes an important contribution 
to the result. For practical purposes a calculation 
of the first two terms would usually be sufficient. 
The weak lens approximations can be applied to 
(7) to obtain the usual expression for the weak 
lens focal length. This procedure shows that even 
in the limiting case of a weak lens the second 
term of (7) is 50 percent of the first term. 

Calculations of the electron trajectory were 
made from the equation® 


*L. M. Myers, reference 2, p. 110. In the last line of the 
Eqs. (2), the sign should be plus instead of minus. 
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Fic. 2. An accurate plot of the upper right quadrant of Fig. 1. 
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The numbers marked on the equipotentials indicate 


the potential above Vo. The 0 line, if continued, would pass through the point (4, 0.584). The insert is a plot of the axial 


potential. 
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The results are shown in Fig. 3. It is interesting 
to note that there is a point of inflection in the 
electron trajectory at every point of inflection 
of the curve V(z) since the radial force on the 
electron is proportional to V’’(z). The focal 
length can be obtained with some accuracy from 
such a graph and is found in this case to be 13.35 
cm from the principal plane, in good agreement 
with the more accurate value calculated from (7). 
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TRAJECTORY FOR SYMMETRICAL LENS 
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TRAJECTORY FOR IMMERSION LENS 
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Fic. 3. The upper part shows the trajectory of the elec- 
trons through the lens represented by Eq. (7a); the lower 
part is for the lens represented by Eq. (10a). Since all 
trajectories are proportional in the paraxial case, the units 
for r are arbitrary. 


ABERRATIONS 


The various aberrations of this lens can be 
calculated from the aberration equations for a 
weak lens.'° The results show that astigmatism, 
curvature of field, and spherical aberration 
would be the most serious defects in this lens. 


The expression for the spherical aberration is 


p=0.625u°, Vo>A, (9) 


where u is the distance of a ray from the z axis 
as it passes through the center of the lens and p 
is its distance from the z axis at the focal point 


1° H. Riedl, Zeits. f. Physik 107, 210 (1937). 
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for paraxial rays. Applying this weak lens 
formula to a strong lens a rough estimate can 
be made of the ratio of the diameter of the 
aperture to the focal length (D/f ). For the lens 
V(z) = Vol 1—3 exp (—2?/2) ] with a focal length 
of 12.36 cm, in order to have a circle of least 
confusion with a radius no greater than 5A, the 
D/f ratio was estimated to be 0.0014. In practice 
it is generally found that a somewhat better 
D/f ratio can be used than the calculated values. 


CONSTRUCTION OF LENS 


This lens with minimum spherical aberration 
could be built by constructing three equipoten- 
tial surfaces corresponding accurately to three 
of those indicated in Figs. 1 and 2. It is sug- 
gested that those surfaces corresponding to the 
lines marked 0 and 1.2A would be the easiest to 
construct. The fact that the 0 surface, for 
example, actually extends to infinity is of little 
concern since the axial potential falls to essen- 
tially Vo (its value at infinity) a short distance 
from the center of the lens and there is no focus- 
ing action of the electrons when V(z) is not 
changing. The focal length and electron tra- 
jectories can be calculated from (7) and (8) with 
any desired degree of accuracy for any value of 
A/V» and estimates can be easily made of the 
aberrations. 


IMMERSION LENS 


Any desired axial potential may be assumed 
and the calculations described above repeated 
to obtain the equipotential graph for a new lens. 
This method has the advantage that the focal 
length and other lens constants can be easily 
and accurately calculated since the axial poten- 
tial and its derivatives are exactly known. 


Fic. 4. Plot of the equipotential lines in space which 
result from a potential along the z axis given by Eq. (10). 
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Fic. 5. An accurate plot of the upper right quadrant of Fig. 4. The insert is a plot of the axial potential. 


As a further example of the method the cal- 
culations were repeated for an immersion lens 
whose axial potential was taken to be 


V(z)=Vo+A tanh z. (10) 


This function probably represents the axial 
potential of the immersion lens which has 
minimum spherical aberration and satisfies the 
condition V(z)= — V(—z). The immersion lenses 
used in practice are generally composed of two 
coaxial cylinders. It has been shown experi- 
mentally that the spherical aberration is a 
minimum when the radii of the two cylinders 
are equal.’ Further, (10) represents approxi- 
mately the axial potential between two such 
cylinders.® 

The equipotential lines for this lens are shown 
in Figs. 4 and 5. As would be expected they are 
very similar to those between two cylinders of 
equal radii. The lines have not been extended 
beyond approximately r=1.2, since (3) did not 
converge rapidly beyond this value. This would 
introduce no difficulty in the construction of the 
lens since the potential distribution would be 
determined with sufficient accuracy with the 
surfaces extended only to this point. This lens 








1 E. Gundert, Zeits. f. Physik 112, 689 (1939). 
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would be particularly easy to construct if the 
surfaces corresponding to A and —A were 
chosen, since it would only be necessary to alter 
very slightly the shapes of two cylinders in 
order to have them correspond with these 
surfaces. 

The focal length for the strong lens, 


V(z) = Vo(1—3 tanh 2), (10a) 


obtained from (7) is: 
f2=15.85 cm using only the first term in (7); 
f2=10.75 cm using the first two terms in (7); 
f2=10.85 cm using the first three terms in (7). 
This confirms the previously mentioned fact that 
the first two terms of (7) are important in focal 
length calculations. 
The other focal length, fi, is different in this 


lens from fe and is f;= —18.79 cm. This value 
was obtained from the equation™ 
fi V(—#)\3 
OE to eminent (11) 
fe V(+o) 


The electron trajectory for this lens is shown in 
Fig. 3. The focal length obtained from this 
graph is f2=10.81 cm. 


2D. W. Epstein, Proc. I. R. E. 24, 1095 (1936). 
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The spherical aberration for (10) was found 
to be 


p=0.334u*, Vo>A. (12) 


It is thus evident that the weak immersion lens 
has appreciably less spherical aberration than 
the weak symmetrical lens. The astigmatism and 
curvature of field were also less in this lens than 
in the symmetrical one. By applying weak lens 
formulas to the strong lens, 


V(z) = Vo(1—4 tanh 2), 


it was roughly estimated that the D/f ratio 
would be 0.0018 for a circle of least confusion 
with a radius no larger than 5A. 


FURTHER REDUCTION OF ABERRATIONS 


By analogy with ordinary optics where 
spherical aberration is sometimes corrected by 
using many elements of different refractive 
indices, it would seem reasonable that an axial 
potential composed of a series of peaks of varying 
amplitude might still further reduce this aber- 
ration." This calculation has been carried out in 
the case where the axial potential is represented 
by a function composed of the sum of two dif- 


8] am indebted to Dr. L. Marton for this suggestion. 


ferent peaks. The function chosen was 
. , (2-+29)" 
V(s)= Vo+A exp] — —— 
2 


ou & 


(zg Zo)" 
+Ab exp| - ; “| (13) 
1 2 


By using the usual weak lens formula it was 
found that the spherical aberration is less than 
that in the symmetrical lens (2) for the following 
values of 29: —1.1<29<1.1 together with any 
positive value of b and z>1.2 or z9<—1.2 
together with any negative value of b. The 
largest reduction is in the first range of values of 
z given above. The lens (13) has minimum 
spherical aberration when z9=0.85 and b=1.0. 
The axial potential is then 


(s+0.85)? 
Vis)= Vet fexp| - ee | 


2 
(s—0.85)? 
+exp| - || (14) 
2 


The aberration for (14) is 39.5 percent that of 
the “minimum” symmetrical lens (2). The 
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Fic. 6. An accurate plot of the equipotential lines in the upper right quadrant of the lens represented by Eq. (14). 
(See reference 14.) The solid curve in the insert is a plot of the axial potential. The two dotted curves below represent the 


contributions of each of the two variable terms in Eq. (14). 
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spherical aberration is given by 


p=0.334u3, Vo>A. (15) 


The equipotential lines for (14) are shown in 
Fig. 6." 

It should be noted that when b=1.0, (13) 
becomes a symmetrical lens and it thus has less 
spherical aberration than the “minimum” sym- 
metrical lens (2). The answer to this apparent 
paradox must be that in the derivation of the 
formula for the ‘‘minimum’’ symmetrical lens! 
solutions were not considered which could be 
represented only by a sum of terms. It is inter- 
esting that in the region where there is the 
greatest reduction in the spherical aberration 
(0.6<29<1.0, 0.6<b<1.4) that the two expo- 
nential terms in (13) combine to give a curve for 
the axial potential that has only one maximum. 
The individual terms lose their identity when 
they are combined to form the axial potential. 

Using further the analogy with ordinary optics 
that led to the discovery of the lens represented 
by (14), it would seem reasonable that a still 
further reduction in the spherical aberration 
could be made by adding together more expo- 
nential terms of different amplitudes and having 
different values of 2. However, unless the 
resulting axial potential were symmetrical, the 
value of the decrease in the spherical aberration 
would be somewhat offset by increases in other 
aberrations, particularly distortion and coma. 
Furthermore as more terms are used to represent 
the axial potential, the calculation of the focal 
length and of the position of the equipotential 
lines becomes considerably more difficult. Thus 
for practical purposes (14) is probably the most 
convenient representation of a symmetrical lens 
with very low spherical aberration. 

The original idea for this paper was suggested 
by Dr. E. M. Purcell. The author is deeply 


“For simplicity in calculation, the lines in Fig. 6 are 
actually drawn for z9=0.80 instead of 0.85. In this case the 


1 aberration is 1 percent greater than that of lens 
(14). 
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grateful to him for his advice and encouragement. 
The author also wishes to thank Professors 
V. Rojansky and L. Marton for helpful discus- 
sions in which they made a number of valuable 
suggestions. 


Note added in proof:—It should be emphasized that (9), 
(12), and (15) in the form in which they are here written 
cannot be compared with each other in order to estimate 
the relative amounts of spherical aberration present in 
their respective lenses. This is because the spherical aber- 
ration, p, will increase by a, if all the dimensions of a lens 
are increased by a factor a. In order to compare the 
spherical aberration of two different lenses, it is therefore 
necessary first to make their effective thicknesses the same. 
The focal lengths can also be made equal by a proper 
choice of the potential ratio. The comparison will depend 
to some extent on the manner in which the thickness of 
the lens is defined. 

The usual definition is that it is the length of the region 
along the axis where the potential is appreciably different 
from zero. Obviously this is not sufficiently exact for the 
present purposes. It is proposed that the thickness be de- 
fined for a symmetrical lens as the length of the region 
along the axis where the potential is greater than 1/100 
of its maximum value (where the axis is now chosen so that 
V («)=0) and for an immersion lens as the region where 
the potential in absolute value is less than 99/100 of its 
absolute value for large Z (in this case the axis is chosen 
so that V(0)=0). 

If this latter definition is used to compare the lenses, 
the spherical aberration of (14) is 43.1 percent that of (2); 
for (10) it is 61 percent that of (2). If the definition is 
changed to read 1 /10 and 9/10 instead of 1/100 and 99 /100, 
respectively, the spherical aberration of (14) is 40.3 per- 
cent that of (2); for (10) it is 78 percent that of (2). The 
aberration equations used to derive the above results hold 
exactly for weak symmetrical lenses, but are not exactly 
true for immersion lenses. Therefore the above results for 
the immersion lens (10) are merely estimates of its spherical 
aberration. 

Scherzer in deriving (1) as the lens with minimum spheri- 
cal aberration essentially proposed that, for the comparison 
of the spherical aberration of two lenses, the focal length 
and the distance between principal planes of one lens be 
made equal to those of the other. If this criterion is applied 
here, it is found that the spherical aberration of (14) is 
35.9 percent that of (2). In practice it would seem to be 
more important to compare lenses with equal thicknesses 
and focal lengths according to the definition given above 
than to use this latter proposal to compare lenses with 
equal distances between the principal planes. 
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On the Resistance to the Uniform Motion of a Solid Through a 
Viscous Liquid. II.* 


RAYMOND B. BLocKk 
Experimental Engineering Section, Wright Field, Dayton, Ohio 
(Received August 7, 1941) 


This paper constitutes the author’s answer to some 
adverse criticisms by John T. Burwell, Jr., of an earlier 
paper having the same title and reporting evidence for 
the assumption of liquid slip at the surface of a solid in 
motion through a viscous liquid. The importance of the 
results contained in the earlier paper to viscosimetry by 
the rolling-ball method is emphasized. This relation exists 
because the author’s apparatus was essentially a rolling- 
ball viscosimeter. References are given to independent 
studies by other investigators which also support the 
hypothesis of liquid slip. The possibility of the phe- 
nomenon’s being apparent, only, is brought out by pre- 
senting two other interpretations of the author’s observa- 


HE question as to whether a liquid slips or 

does not slip at the surface of a solid 
between which and the liquid there is relative 
motion has come up from time to time in the 
literature of physics ever since Stokes published 
his general equations of motion of a viscous fluid. 
This question arises when the proper conditions 
to be satisfied at the boundary of the liquid are 
under consideration. The question is an im- 
portant one because of the known effect of the 
boundary conditions upon the solutions of 
differential equations. 

About a year ago I published a report on some 
experiments whose results appear to support the 
hypothesis of slip, and recently my work has 
been adversely criticized by John T. Burwell, Jr.* 
The data presented in my paper were secured a 
number of years ago in connection with an 
entirely different investigation from that forming 
the subject of the paper. It was only sometime 
afterward that I noticed the same data of my 
earlier investigation had a bearing on a problem 
of much wider interest. That explains the ap- 
parently inappropriate choice of apparatus and 
of liquids. 


* This paper is in reply to a letter by John T. Burwell, Jr. 
For my iret paper on this subject, see J. App. Phys. 11, 
635-642 (1940). For Mr. Burwell’s criticisms, see J. App. 
Phys. 12, 257-258 (1941). The opinions expressed herein 
are strictly my own, and are not to be understood as repre- 
senting the official views of the Materiel Division, Air 
Corps. 
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tions. A new and more accurate method for converting 
time of roll into viscosity of the liquid than the current 
graphical one is presented for the rolling-ball viscosimeter, 
together with an apparent reason for believing that the 
calibration curve of this viscosimeter may not always be 
independent of pressure. The author’s reasons for con- 
sidering this new source of error in the use of the rolling- 
ball apparatus for high pressure viscosimetry to be actually 
non-existent are given. And finally the author describes an 
original method for checking the validity of the hypothesis 
of liquid slip in the case of the rolling-ball viscosimeter that 
is entirely different from the method he used in his earlier 
paper. 


Mr. Burwell suggests another experiment for 
testing the conclusions of my work; but in this 
instance another explanation of the same experi- 
ment is the thing that should be found if possible, 
for the reason that my apparatus was a rolling- 
ball viscosimeter, an instrument more widely 
used than any other today for measuring the 
effect of pressure on the viscosity of liquids.' And 
yet a search of the literature shows that there had 
been only three published investigations of the 
behavior of the instrument itself.2 A few years 
ago the Héppler form of this instrument* was 
compared with a capillary viscosimeter, and the 
conclusion was reached that the rolling-ball type 
is generally not suited for work on mineral oils 





1M. D. Hersey and H. Shore, Mech. Eng. 50, 221-232 
(1928); M. D. Hersey, N.A.C.A. Technical Note No. 315 
(1929); R. B. Dow, M. R. Fenske, and H. E. Morgan, Ind. 
Eng. Chem. 29, 1078-1080 (1937); R. B. Dow, J. App. 
Phys. 8, 367-372 (1937); R. M. Dibert, R. B. Dow, and 
C. E. Fink, J. App. Phys. 10, 113-115 (1939); B. H. 
Sage, Ind. Eng. Chem., Anal. Ed. 5, 261-263 (1933); 
B. H. Sage, J. E. Sherborne, and W. N. Lacey, Ind. Eng. 
Chem. 27, 954-956 (1935); B. H. Sage, B. N. Inman, and 
W. N. Lacey, Ind. Eng. Chem. 29, 888-892 (1937); B. H. 
Sage and W. N. Lacey, Ind. Eng. Chem. 30, 829-834 
(1938); B. H. Sage, W. D. Yale, and W. N. Lacey, Ind. 
Eng. Chem. 31, 223-226 (1939); B. H. Sage and W. N. 
Lacey, Ind. Eng. Chem. 32, 587-589 (1940). 

2A. E. Flowers, Proc. A.S.T.M., Part II, 14, 565-616 
(1914); M. D. Hersey, J. Wash. Acad. Sci. 6, 525-530 
toss} F. Héppler, Zeits. f. tech. Physik 14, 165-169 
(1933). 

’F. Héppler, Chem. Ztg. 57, 62-63 (1933): see also 
Proceedings of the World Petroleum Congress, London, 1933 
(The Congress, London, 1934), Vol. II, p. 503. 


JOURNAL OF APPLIED PHYSICS 











because it lacks a theoretical basis.4 It would 
thus appear that a contribution to viscosimetry 
by the rolling-ball method should be valuable, 
especially when the results seem to indicate that 
the behavior of the instrument may not always 
be in accordance with accepted physical theory. 
I am by no means certain, however, that my 
results cannot be reconciled with those of other 
investigators, and I shall offer some suggestions 
along this line later on in this paper. 

My paper had for its object the publication of 
experimental data that appear to support the 
hypothesis of slip in the case of the rolling-ball 
viscosimeter, at least for the liquids I used. My 
method of analyzing my data is not recommended 
as a procedure for determining accurate values of 
the coefficient of slip. This was not the purpose of 
the paper, but merely to show the probable 
presence in the apparatus employed of a phe- 
nomenon which can be interpreted as a slipping 
of the liquid on the surface of a solid moving 
through the liquid. Mr. Burwell believes that I 
should have corrected my data for the wall- 
effect in accordance with the formulas of 
Ladenburg and of Faxén. But because I was 
investigating the behavior of the rolling-ball 
viscosimeter my apparatus was necessarily widely 
different from that to which these formulas 
apply, and for that reason the corrections would 
have had no meaning. They would not have 
furthered the purpose of the paper anyway, since 
the variation of the wall-correction with viscosity 
and velocity is very small. It is far more de- 
pendent upon the ratio of the diameters of the 
ball and the tube. This ratio was the same 
throughout all of my experiments, and hence the 
effect of the wall was practically the same for all 
of the liquids.® 

It should be borne in mind that the numerical 
values of the coefficient of slip as given in my 
paper are of no significance in themselves, but 
only the relative values and their order of 
magnitude have any meaning. The formulas I 
used for calculating the values of 8 from my data 
are admitted in my paper to apply only approxi- 
mately to the apparatus | emploved. My results 





4 J. J. Leendertse, Chem. Weekblad 32, 553-555 (1935); 
C. G. Verver, 555-556. 

5 A. W. Francis, Physics 4, 403-406 (1933); L. R. Bacon, 
J. Frank. Inst. 221, 251-273 (1936). 
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appeared to me to be nevertheless worth pub- 
lishing because they were secured by means of an 
apparatus that was identical in principle with the 
rolling-ball viscosimeter and furthermore they 
differ considerably from expectation. 

I believe that the limits of applicability of the 
formulas of Stokes and of Oseen cited by Mr. 
Burwell should be looked upon as orders of 
magnitude rather than as fixed bounds that must 
not be exceeded. 

Mr. Burwell suggests that the inertia of the 
liquid may be the true explanation of my results. 
Oseen’s calculation does take into (partial) 
account the effect of the inertia of the liquid, 
which Stokes neglected, yet it does not show that 
the value of a in Eq. (6) of my paper is at all 
affected by the inertia. Instead, the inertia of the 
liquid manifests itself merely by requiring the 
introduction of an additional term ¢ [Eq. (7) of 
my paper | into the formula of Stokes. The effect 
of introducing the term c is simply to change the 
plot of log II, vs. log IIz from a straight line to a 
curved line, as noted in my paper. The calcula- 
tions of Stokes and of Oseen indicate no variation 
of a, b, and c from liquid to liquid, and yet I 
found a definite and systematic variation of a and 
c but not of b. It seems rather remarkable that the 
hypothesis I introduce should indicate a definite 
and systematic variation of just the right 
quantities, and yet be far from the truth. It 
should be noted that Table IV of my paper shows 
that in the two cases where the speed of the ball 
was so great that the inertia of the liquid was not 
negligible (and so the term c had to be intro- 
duced) the variations of a and c although opposite 
in direction are consistent with each other if the 
hypothesis of slipping is made. An important 
point of my paper is that a and c varied system- 
atically from liquid to liquid, and that whereas 
according to accepted theory this would not have 
been expected, according to the hypothesis of 
slipping it is to be expected. 

I must admit that I should have definitely 
established the non-existence of slip at the wall of 
the capillary viscosimeter that I used for 
determining the viscosities of my liquids, or have 
corrected for it in reducing my data, in order to 
insure that my values of kinematic viscosity were 
the true ones. The procedure developed by 
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Mooney® is a simple and direct method for 
making such a check and correction, if the latter 
is necessary. Slippage of glycerol-water solutions 
at the wall of a glass capillary has been shown to 
be non-existent by Scott Blair,?7 and by Scott 
Blair and Schofield.* 

I am indebted to Mr. Burwell for the dipole 
moment of glycerol. It is not given in the 
International Critical Tables,? nor in Organic 
Solvents by A. Weissberger and E. Proskauer,'® 
nor in Glycerol and the Glycols by J. W. Lawrie." 
These were the only references conveniently 
available to me where one would expect to find 
the dipole moment of glycerol, and one would 
certainly expect to find it in at least one of these 
places if it were to be found anywhere. On page 
202 of the book, Glycerol and the Glycols, under 
“Dielectric Constant,” the author says, ‘The 
temperature coefficient [of the dielectric constant 
of glycerol] differs widely from that expected 
from Debye’s theory.”” This phenomenon is 
exactly that found by Graffunder (reference 
cited in my paper), who was thereby unable to 
conclude the presence of dipoles in glycerol. 
However, consideration must be given to mo- 
lecular association as well as to molecular 
polarity. 

I follow Brillié and Kyropoulos (references 
cited in my paper) in the interpretation of my 
results. In fact, it was the reading of these 
articles that led me to publish my paper. They 
seemed to furnish a physical basis for my results. 
Now, according to Brillié, when a solid is placed 
in a viscous liquid containing polar molecules the 
viscosity of the liquid in the immediate neighbor- 
hood of its surface is reduced below the viscosity 
in the main body of the liquid, by the action of 
the adsorbed layer of polar molecules at the 
boundary between the liquid and the solid; and 
this zone of reduced viscosity will manifest itself 
as an apparent slipping of the liquid on the 
surface of the solid. But, according to Kyropoulos, 





*M. Mooney, J. Rheology 2, 210-222 (1931). 

7G. W. Scott Blair, J. Rheology 1, 127-138, especially 
Fig. 4 and attendent discussion on pp. 136 and 137 (1930). 

8G. W. Scott Blair and R. K. Schofield, Phil. Mag. 11, 
890-896 (1931). The data on lithium chloride, however, 
were found later to be erroneous. 

9 First edition (1926-1930). 

10 (Oxford University Press, 1935). 

1t (Chemical Catalog Company, New York, 1928). 
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this necessary adsorbed boundary layer will not 
form if the liquid, even though it is polar, does not 
contain molecules that are both polar and associ- 
ated; and it is only these latter molecules that 
make up the adsorbed boundary layer. Now, 
methyl alcohol is known to be both polar and 
highly associated, even in inert solvents," and so 
it satisfies both of Kyropoulos’ conditions. I have 
not been able to find specific information on 
glycerol, but Bingham and Fornwalt’s results on 
the association of ethylene glycol by the fluidity 
method" indicate that glycerol is probably more 
highly associated than methyl alcohol. However, 
the degree of molecular association as determined 
on a pure liquid is not necessarily maintained in 
the presence of other liquids. For example, pure 
water is highly associated, but there is evidence 
for the belief that in methyl alcohol-water solu- 
tions and in glycerol-water solutions the water 
component exists in an unassociated state." 
Assuming the correctness of Kyropoulos’ con- 
ditions and that the methyl alcohol molecules in 
my liquids retained their state of association 
whereas the glycerol and the water molecules did 
not, the adsorbed boundary layer at the surface 
of the ball in my experiments would be richer in 
methyl alcohol than in either glycerol or water. 
It may be reasonably assumed that the richness 
of the surface layer in methyl alcohol will increase 
with the concentration of methyl alcohol in the 
main body of the liquid. This assumption is 
supported by the data of Bonnell, Byman, and 
Keyes" on the variation of the surface tension of 
ethyl alcohol-water mixtures with the concen- 
tration of ethyl alcohol. At constant temperature 
the surface tension was found to decrease with 
increased concentration of alcohol, rapidly at 
first and then more slowly at higher concen- 
trations of alcohol. This effect indicates that the 
concentration of ethyl alcohol in the surface of 
the solution was greater than in the interior and 
that it increased with the concentration of 


2 A, M. Buswell, V. Deitz, and W. H. Rodebush, J. 
Chem. Phys. 5, 501-504 (1937). 

1% E. C. Bingham and H. J. Fornwalt, J. Rheology 1, 
403-404 (1930). 

14 TP), Williams, T. Gatica, and W. Gordy, J. Phys. Chem. 
41, 645-649 (1937). 

18 W.S. Bonnell, L. Byman, and D. B. Keyes, Ind. Eng. 
Chem. 32, 532-534 (1940). 
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alcohol in the main body of the liquid.'* It would 
be expected that the amount of slipping of a 
liquid on the surface of a solid moving through 
the liquid, if such a phenomenon exists, would 
vary with the composition of the boundary be- 
tween the liquid and the solid; and it is inter- 
esting to note that the value of the coefficient of 
slip as given in Table IV of my paper decreases 
as the proportion of methyl alcohol increases, 
that is, the slipping of the liquid increases with 
the amount of methyl alcohol present. I claim 
this effect to be consistent with Brillié’s theory. 

The phenomenon of slip has been observed 
before by several investigators, Mr. Burwell to 
the contrary notwithstanding. M. Reiner!’ found 
that he had to assume it in order to account for 
the data of S. B. Ellis on the flow of a 1.71 percent 
solution of nitrocellulose in dibutyl phthalate 
through glass capillaries of different internal 
diameters. Reiner considers the phenomenon to 
be due in actuality to the presence of a shell or 
zone of liquid in immediate contact with the wall 
of the capillary that has a smaller viscosity than 
the main body of liquid. His theory is thus 
identical in principle with Brillié’s theory, al- 
though he does not attempt to explain why there 
should be such a zone of lower viscosity, as 
Brillié does. The nitrocellulose solution used by 
Ellis was an “‘intrinsic”’ colloidal dispersion in the 
sense of Kraemer and Sears.'§ It is conceivable 
that my glycerin-methyl alcohol solutions were 
also intrinsic colloidal dispersions on account of 
the large size of the glycerol molecule relative to 
the methyl] alcohol molecule, and on this basis the 
qualitative agreement of my results with those of 
Reiner is obvious. The work of Schofield and 
Scott Blair!® shows that a similar slippage takes 
place in the flow of an “extrinsic” colloidal 
dispersion,'® where it is generally known as the 
‘“‘sigma-phenomenon.’”° Ambrose and Loomis*! 





6 Cf. J. J. Trillat, Proceedings of the General Discussion 
on Lubrication and Lubricants, Vol. 2 (The Institution of 
Mechanical Engineers, London, 1937), pp. 418-428; also 
P. van Rysselberghe, J. Phys. Chem. 42, 1021-1029 (1938). 

17 M. Reiner, J. Rheology 2, 337-350 (1931). 

18E. O. Kraemer and G. R. Sears, J. Rheology 2, 292- 
306 (1931). 

19 R. K. Schofield and G. W. Scott Blair, J. Phys. Chem. 
34, 248-262 (1930); 34, 1505-1508 (1930); 35, 1212-1215 
(1931); 39, 973 (1935). Cf. M. Mooney, reference 6. 

20G. W. Scott Blair, An Introduction to Industrial 
Rheology (P. Blakiston’s Son and Co., Inc., Philadelphia, 
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believe the effect is due to thixotropy, but Scott 
Blair doubts that.” 

For a homogeneous material slip should be of 
the nature of solid friction, and this is the case 
assumed by Basset, Lamb (references given in 
my paper), and Mooney.® An equivalent phe- 
nomenon occurs in colloidal systems if there is a 
different concentration of the dispersed phase in 
the vicinity of a wall or other solid surface from 
the concentration existing in the main body of 
the liquid such that a zone of lower viscosity is 
set up near the solid surface. It is this conception 
of the phenomenon of slip that is held by Reiner!” 
and by Schofield and Scott Blair,'* and it closely 
resembles the theory of Brillié (references cited in 
my paper). 

Lea and Tadros* found that if a small core is 
placed at the center of a tube of circular cross 
section the rate of discharge of water flowing 
through the tube at velocities corresponding to 
low Reynolds numbers is much greater than 
theory gives on the assumption of no slip at the 
boundary. Small turbulent disturbances, which 
originally existed in the flowing water and would 
be destroyed in a tube without a core up to 
velocities corresponding to a Reynolds number of 
2000, persisted at much lower velocities when the 
core was in place. These small disturbances had 
the same effect as slipping of the water on the 
surface of the core would have had (authors’ own 
statement). 

I believe that the effect observed by Lea and 
Tadros can be accounted for by means of L. 
Prandtl’s theory of the hydrodynamic boundary 
layer,” and that this interpretation of their data 
offers itself as another possible explanation of my 
results. As stated by Lamb in the reference cited, 
Prandtl’s boundary layer forms on the surface of 
a solid immersed in a viscous liquid whenever the 
solid and the liquid have a relative motion. The 
flow in the fore part of the boundary layer is 
laminar, but when the local Reynolds number 
reaches a certain value depending upon the 
Pennsylvania, 1938), Chapter IV, especially p. 33 and 
following. 


21H. A. Ambrose and A. G. Loomis, Physics 4, 265-273 
(1933). 


2 Reference 20, pp. 35 and 36. 


*2 F.C. Lea and A. G. Tadros, Phil. Mag. 11, 1235-1247 
(1931). 


*H. Lamb, Hydrodynamics (Cambridge University 
Press, 1932), sixth edition, articles 371 a, b, c. 
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amount of turbulence in the general stream the 
flow becomes turbulent and the layer usually 
separates from the surface of the solid. Modern 
hydrodynamics teaches that there is an intimate 
relation between the location on the surface of 


the solid of the point of transition between 
laminar and turbulent flow in the boundary layer 
and the resistance to the relative motion of the 
solid and the liquid. Now, the axial core used by 
Lea and Tadros set up a resistance to the flow of 
the water through the tube that depended for a 
given speed of flow upon the location on the 
surface of the core of the point of transition in the 
boundary layer; and the location of this point 
depended in turn upon the amount of turbulence 
in the general stream. Thus, the turbulence in the 
general stream could easily influence the rate of 
discharge of water by the tube, as Lea and 
Tadros found; but the fact of special interest in 
their work is that they were able to interpret 
their results as a slipping of the water on the 
surface of the core. 

The experiments of J. H. Lamble** are similar 
in principle to those of Lea and Tadros and they 
have a more direct bearing upon my own investi- 
gation. The resistance of a glass plate towed 
completely under water was found to vary with 
the material covering the plate as well as with the 
Reynolds number. Lamble believes that the 


* J. H. Lamble, Engineering 141, 466-468 (1936). 
44 
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phenomenon was due to differences in the degree 
of wetting of the surface of the plate by the 
water brought about by differences in the ma- 
terial constituting the covering, which induced 
variations in the location of the point of transi- 
tion from laminar to turbulent flow in the 
boundary layer on the plate and thereby changed 
the drag. In my experiments the liquid was 
changed instead of the surface of the solid, but 
the resistance was also found to depend upon 
something more than the Reynolds number alone. 

It is thus quite possible that a true slip of the 
liquid on the surface of the ball in my experi- 
ments was not present, but I do not believe that 
any of the explanations suggested by Mr. 
Burwell will satisfactorily account for my obser- 
vations. I maintain that the hypothesis of slip 
does give an entirely satisfactory explanation of 
my data, at least for technical purposes, whatever 
the true explanation may be; and that for the 
proper interpretation of the measured data of 
the rolling-ball viscosimeter in terms of viscosity 
the ‘slip’ must be corrected for, somewhat 
in the manner already accomplished by Mooney® 
for the capillary-tube and the rotating-cylinder 
viscosimeters and by Macwood?* for the oscil- 
lating-disk viscosimeter. 

On page 638 of my paper I state that the ball 
began to slide when the resultant moment of the 


2G. E. 
(1938). 


Macwood, Physica 5, 374-384 and 763-768 





Loe TT, 





3.0 i i. 4 7 1 i l 1 i rT 1 i J. J 
240 245 250 255 260 265 2.70 275 2.80 285 2.90 2.95 3.00 305 3/0 3/5 


Fic. 1, An illustration of the method used for locating the transition region between laminar and turbulent 
flow in the rolling-ball viscosimeter. The transition region is represented by the dotted line. 
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viscous shearing stress on its surface, about the 
instantaneous axis of rotation, balanced the 
moment of the weight of the ball about the same 
axis but acting in the opposite direction. This, of 
course, is the condition for constant angular 
velocity, and did not determine the angle of 
inclination of the tube at which the ball started to 
slide. The sliding of the ball was due to the 
lubricating effect of the liquid in the vicinity of 
the point of contact of the ball with the tube. 
In addition to the measurements reported in 
my paper similar data were secured on glycerin- 
methyl alcohol mixtures containing 50, 60, 70, 80, 
90, and 100 percent methyl alcohol, by weight. 
The results were not included in my paper be- 
cause the length of the tube was different than 
for the liquids listed in my paper and the 
possible errors in the times of roll of the ball were 
too large a proportion of the roll times them- 
selves. However, an interesting fact was found, 
namely that the flow in the general stream was 
laminar for all of the liquids containing not over 
60 percent methyl alcohol. This discovery was 
made by plotting IT; against log Iz as abscissa, as 
shown in Fig. 1 for a concentration of 80 percent 
methyl alcohol. In this figure the full line on the 
left represents laminar flow, the full line on the 
right represents turbulent flow, and in between is 
the S-shaped transition region.27 The data on 70 
percent methyl alcohol did not include the 
turbulent region. The data on 90 and 100 percent 
methyl alcohol gave plots similar to Fig. 1. The 
data on 60 percent methyl alcohol and below 
gave plots similar to the full line on the left in 
Fig. 1. The Reynolds number at which the 
transition between the two types of flow started 
varied with the concentration of methyl alcohol 
as shown in Table I. This matter is of some 
importance in the theory of the rolling-ball 
viscosimeter, because it is commonly stated that 
the non-rectilinear portion of the calibration 
curve of this instrument is due to turbulence in 
the general stream. I believe this statement to be 
erroneous, but it can be checked in any given 
case by means of a plot similar to Fig. 1. I believe 
that the departure of the calibration curve from 
linearity is due to the inertia of the liquid. 





27C. V. Drysdale et al., The Mechanical Properties of 
Fluids (D. Van Nostrand Company, New York, 1924), 
first edition, Chapter IV, Fig. 10. 
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The calibration curve of the rolling-ball visco- 
simeter for liquids consists of a plot of the values 
of a function U/S against those of a function 
ST determined at atmospheric pressure. The 
variable U is the kinematic viscosity of the 





TABLE JI. 
REYNOLDS NUMBER AT 
% METHYL THE START OF THE 
ALCOHOL TRANSITION REGION 
70 417 
80 576 
90 859 
100 1390 


calibrating liquids, and its value is supposed to 
have been secured by some other means; 


S=(p2/pi—1)}, 


in which p; and p2 are the densities of the liquids 
and of the ball, respectively ; and T is the time of 
roll of the ball through a fixed distance in the 
tube. The calibration curve is thus determined 
experimentally at atmospheric pressure by the 
aid of liquids of known viscosity and density, and 
its employment at elevated pressures depends 
upon the assumption that change in pressure will 
not affect it. Reference may be made to the 
papers of Hersey and Shore,' Dow, Fenske, and 
Morgan,' or of Dow!' for complete details in 
regard to the construction and use of the calibra- 
tion curve of this viscosimeter. The functions 
U/S and ST come from a dimensional analysis of 
the motion of the ball due to M. D. Hersey,? who 
incidentally takes no slip of the liquid on the 
surface of the ball as a fundamental assumption, 
or in other words he assumes the resistance of the 
ball to be a function of only the Reynolds number 
provided the size of the ball and of the tube 
remain unchanged. 

It is quite easy to develop equations to the 
calibration curve, one for the straight portion and 
one for the non-rectilinear portion, by a more 
searching analysis than that used by Hersey. The 
well-known Stokes’ formula for the drag of a 
sphere moving with a slow constant velocity of 
pure translation through an infinite viscous 
liquid is 


D=O6rxuyvr, 
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in which 


D =the drag 

u =the absolute viscosity of the liquid 
v=the velocity of the sphere 

r =the radius of the sphere. 


Since the velocity of the sphere is supposed to be 
constant, the drag must be numerically equal to 
the driving force. In the case of the rolling-ball 
viscosimeter the driving force is the difference 
between the component of the weight of the ball 
acting down the tube and the component of the 
buoyant force on the ball acting up the tube. 
That is, 
F = (W2—w))(d* /6) sin 8, 

in which 


F =the driving force on the ball 
W2=the weight per unit volume of the ball 
w,=the weight per unit volume of the liquid 
d=the diameter of the ball 

6=the angle of inclination of the tube. 


In view of the fact that Stokes’ law presupposes a 
motion of pure translation in an infinite liquid, 
whereas the motion in the rolling-ball viscosime- 
ter is made up of simultaneous translation and 
rotation in a confined liquid, it is not possible to 
equate D directly to F. However, on the as- 
sumption that D and F are proportional, there 
results the equation 


D=kF, 
or 
6mpuur = k(we— wy) (42r*/3) sin 8, 


in which & is a constant of proportionality. Now, 
v=//T, in which /=the distance traveled by the 
ball in time 7. Also, 


We=gp2 and wi=gpi, 


in which g=the acceleration of gravity, p2 and 
pi=the densities of the ball and of the liquid, 
respectively. Hence, finally, 


w= (2ker’ sin 6/91) (p2—pi)T 


or 
u=K(p2—pi)T. (1) 


K is assumed to be constant for a given ball, 
tube, angle of inclination, and distance traveled 
by the ball in the tube. This formula is basic in 
the employment of the rolling-ball viscosimeter 
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TABLE II. 
U 
S 
FROM HERSEY AND U _ST _0.463 | 
SHORE'S CALIBRATION S 102 (ST)* 
Avy CURVE n =2.26 n =1.72 
16.0 0.157 0.156 
15.4 0.150 0.150 
15.0 0.146 0.146 
12.5 0.121 0.121 
11.75 0.112 0.113 0.108 
11.5 0.1085 0.111 0.106 
11.25 0.104 0.108 0.103 
10.0 0.090 0.089 
7.5 0.059 0.059 
5.0 0.017 0.020 
4.1 0.000 —0.001 


for measuring the absolute viscosities of liquids 
under pressure. For the use of it for this purpose, 
reference may be made to the papers of Hersey 
and Shore,! Dow, Fenske, and Morgan,' Dow,! 
Sage,’ or of Sage and Lacey! (paper of 1938). 

Dividing both sides of Eq. (1) by p; and 
changing to Hersey’s notation results in the 
equation 

U/S=KST, (1a) 
which shows that on the basis of the theory 
proposed here the calibration curve of the 
rolling-ball viscosimeter for liquids should be a 
straight line when the speed of the ball is low, and 
this conclusion is borne out by experiment. 

But the calibration curve departs from linearity 
as the time of roll decreases, and this change in 
the shape of the curve is commonly ascribed to a 
transition from laminar to turbulent flow of the 
liquid. It is my intention to explain the departure 
of the calibration curve from linearity as the 
time of travel decreases, as an effect of the inertia 
of the liquid. 

Equations (1) and (1a) apply to only the slow 
motion of the ball, since they were deduced from 
Stokes’ law. In order to see how they must be 
modified to account for the inertia of the liquid 
(effective at only a more rapid motion), the 
formula of Oseen must be used in place of the one 
of Stokes. That is, 


D = 6npor(1+ gpivr/u), 


in which p; is the density of the liquid and the 
other symbols have the same meaning as in 
Stokes’ formula. After equating this value of 
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D to kF, as before, there results the following 
expression : 


u=K(p2—pi)T— spiulr/T, 


where K has the same value as in Eq. (1). Now 
divide through by p; and then change to the 
notation employed by Hersey and Shore, i.e., 


M Ty / 1 
—=U, (p2 pi—1)'=S, 
Pi 


l=P. 


The result is 
U/S=KST—3Pr/ST. 
This formula becomes 
U/S=ST/102 —0.463/ST, 
if the values 


K=1/102 
P=9.88 inches 
r=0.125 inch 


taken from the paper of Hersey and Shore, are 


/4P 








i i i 4 —3'5 ST 


° $s 40 iS 20 


Fic. 2. A comparison of Eq. (2) with a typical calibration 
curve of the rolling-ball viscosimeter. 
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substituted into it. It is in qualitative, but not 
very good quantitative, agreement with the 
graph in Fig. 6 of Hersey and Shore’s article. The 
reason probably lies in the approximate nature of 
Oseen’s solution of the general hydrodynamic 
equations of the laminar motion of a viscous 
liquid. An excellent fit is secured, however, by 
writing 
U/S=ST/102—0.463/(ST)*, 


in which 1 is properly chosen. This fact is brought 
out by Table II, in which it is seen that there is 
very good agreement between the computed 
values of U/S and the graphical ones from 
ST = 16.0 to 11.75, inclusive, with n=2.26; and 
from ST=11.25 to 4.1, inclusive, with »=1.72. 
16.0 is the largest value of ST on the curved 
portion of the plot in Fig. 6 of Hersey and Shore’s 
paper, and 4.1 is the smallest value of ST shown 
in the figure. 11.75>ST7T>11.25 appears to be a 
transition region in which the values of U/S 
taken from the graph lie between those computed 
from the two values of n. 
A further check of the general formula 


U/S=KST—3Pr/(ST)" (2) 


is secured by comparison with Fig. 2 in the paper 
of Dow, Fenske, and Morgan.' This figure is said 
by these authors to represent a typical calibration 
curve of the rolling-ball viscosimeter. It appears 
to be identical with Fig. 2 in Dow’s paper.' In 
this case 


K=1/118 
P=10 inches from p. 368 of Dow’s paper 
r=0.125 inch. 


With these numerical values Eq. (2) becomes 
U/S=ST/118—0.469/(ST)", 


and a comparison of this formula for »=1.45 
with the graph in Fig. 2 of Dow, Fenske, and 
Morgan is shown in Fig. 2. The circles represent 
values of U/S computed from the formula. The 
line is a reproduction of the calibration curve 
published in the reference cited. The formula is 
seen to agree with the curve as well as the 
observations themselves do. 

It is entirely reasonable to suppose that the 
value of the constant of proportionality k that 
occurs in the coefficient K of Eqs. (1), (1a), and 
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(2) will vary with the type of motion executed by 
the ball; that is, whether the motion is pure 
rolling or a combination of rolling and sliding. I 
have in fact found by experiment that & is quite 
accurately a linear function of the angle of 
inclination of the tube in degrees both when the 
ball is rolling only and when it is rolling and 
sliding as well, but that the slope of the line is 
steeper in the latter case than in the former one. 
The angle of inclination at which sliding began 
was determined by the method described in my 
paper. For the rolling-ball apparatus and the 
glycerin-methyl alcohol mixtures described there 
k=0.01513+0.00034546 when the ball is rolling 
without sliding, and k=0.001750+0.0012326 
after sliding has set in. Suppose now that the 
apparatus is to be used as a viscosimeter for high 
pressure work and that it is calibrated at atmos- 
pheric pressure in the customary manner, the 
angle of tilt being 10 degrees. By Fig. 1 of my 
paper the motion of the ball is then pure rolling 
at atmospheric pressure. Hence, k=0.01858. If 
the effect of high pressure upon the liquid under 
test should cause the ball to roll and slide at this 
angle, due to the increase in viscosity, for 
instance, the value of k would drop to 0.01407, 
and so the calibration curve determined at 
atmospheric pressure would not hold at the 
higher pressure. In fact, K would have only 
three fourths of its former value. This possible 
source of error in the rolling-ball viscosimeter is 
new and is very important. In addition, the 
derivations of Eqs. (1), (1a), and (2) show that 
the effect of pressure upon the length of roll, / [P 
in Eq. (2)], which does take place in some 
designs of this instrument,?* will cause the 
calibration of the viscosimeter to change slightly 
with increase in pressure. 

I believe, however, that the sliding of the ball is 
due to the lubricating effect of the liquid in the 
vicinity of the point of contact of the ball with 
the bottom of the tube, instead of the retarding 
effect of the viscous shearing stress on the surface 
of the ball as stated in my paper. According to 
the simple Reynolds theory of liquid lubrication,”® 
the coefficient of friction is independent of the 
viscosity of the lubricant. On this basis the nature 

** Cf. the papers of Hersey and Shore and of Dow cited 
in reference 1. 

29H. Lamb, reference 24, article 330 a. 
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of the motion of the ball will be the same for all 
pressures at any given angle of inclination of the 
tube, regardless of how much the viscosity of the 
liquid may vary with the pressure. As a check on 
this conclusion I have noticed that at atmos- 
pheric pressure sliding begins at the same angle 
of inclination over a ten-thousand-fold variation 
in the Reynolds number, namely, from 0.3 to 
3000. I interpret this fact to signify that the 
sliding of the ball depends only upon the tilt of 
the tube and not at all upon the viscosity of the 
liquid; or, in other words, that the value of k 
corresponding to a calibration curve determined 
at atmospheric pressure will apply unchanged at 
any higher pressure provided the tilt of the tube 
remains the same. . 

In addition to finding that & is a linear function 
of the angle of inclination of the tube, I have 
found that m in Eq. (2) appears to be a linear 
function of the angle of inclination, as well. If 
investigation should show that 7 as well as k is 
independent of the pressure of the liquid (as both 
of these quantities must be for a calibration curve 
determined at atmospheric pressure to be appli- 
cable at any pressure above atmospheric), I 
believe that Eqs. (1) or (1a) and (2) would 
constitute an improvement over the present 
graphical method of converting time of roll into 
viscosity. For k as a function of @ and m as a 
function of @ might be secured at several angles 
below and above the angle of tilt planned to be 
used in a projected investigation of the variation 
of viscosity with pressure, either graphically or 
by the method of least squares, which would give 
better values of k and n at the desired angle than 
values determined at that angle only, as is 
essentially the current procedure. Then, K in 
Eqs. (1) or (1a) and (2) is computed from the 
formula 


K=2ker’ sin 6/91, 


in which / is the length of roll corrected for the 
effect of pressure.”* In Eq. (2) P is the length of 
roll corrected for the effect of pressure. 

It would be interesting, and it might turn out 
to be valuable, to know why an abrupt decrease 
in the value of n of 24 percent as shown by Table 
I! is necessary in order to get a satisfactory 
representation of the lower half of the non- 
rectilinear portion of Hersey and Shore’s calibra- 
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tion curve, whereas a single value for m is 
sufficient for the entire non-rectilinear portion of 
the curve published by Dow, Fenske,and Morgan. 
If the derivation of Eq. (1a) as given above is 
repeated using Stokes’ law as modified by 
slipping of the liquid on the surface of the ball 
[Eq. (13) of my paper], it will be found that 


U (“— 
s 2u—Br 


This formula suggests that slip of the liquid on 
the surface of the ball, or its mathematical 





)xsr. (3) 








ST 


Fic. 3. An illustration of the probable effect of liquid slip 
on the rectilinear portion of the calibration curve of the 
rolling-ball viscosimeter. The sketch is exaggerated for 
clarity. 





equivalent, in the rolling-ball viscosimeter should 
be detectable in the calibration curve of the 
viscosimeter. For the rectilinear portion of the 
calibration curve the expression 


3u—6r 
a 

2u—Br 
is the slope of the straight line drawn from the 
origin of coordinates to the point whose absolute 
viscosity is u if slip of the liquid is present. Since 
the value of this expression changes from point to 
point, because w and 8 do, straight lines drawn 
from the origin of coordinates to successive points 
in the rectilinear portion of the calibration curve 
will have different slopes which cannot be ac- 
counted for by the experimental errors in the 


observations. In other words, this portion of the 
calibration curve will not in general pass through 
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the origin even though the measurements were 
made with the utmost accuracy. It might, of 
course, happen that in a particular case the 
values of uw and 8 will combine to give a configu- 
ration of points such that the best straight line 
through these points does pass through the 
origin. If, however, there is no slip of the liquid 
on the surface of the ball, B= and the ex- 
pression in question reduces to K, as in Eq: (1a). 
In this case all straight lines drawn from the 
origin of coordinates to successive points in the 
rectilinear portion of the calibration curve will 
have the same slope, except for experimental 
errors, namely K, and the rectilinear portion of 
the calibration curve will pass through the origin. 

As a specific example of what I mean, I have 
prepared Fig. 3 from the data given in Table IV 
of my paper. Stokes’ formula applies to only the 
first three liquids listed there, and so the data on 
the last two liquids in the table have been 
omitted in the construction of Fig. 3. Since the 
radius of the ball, r, was 0.4765 cm, it turns out 
that the value of the expression 


3u—6r 
(=) 
2u— Br 

is 0.0211K for glycerin, 0.0130K for 90 percent 
glycerin, 10 percent methy! alcohol, and 0.0148K 
for 80 percent glycerin, 20 percent methyl 
alcohol. These are the slopes of the dotted 
straight lines shown in Fig. 3. Since K has the 
same value for all three of the liquids, it is 
evident that the relative positions of the points 
representing the liquids must be somewhat as 
shown in the sketch. Considering my apparatus 
to be a rolling-ball viscosimeter, the full line in 
Fig. 3 would be the rectilinear portion of its 
calibration curve. We note that this line does not 
pass through the origin of coordinates. If 8 were 
infinite (no slipping), all three dotted lines would 
coincide and the full line would pass through the 
origin. If the effect is not too small to draw a 
conclusive result from it, this method will furnish 
a better check on my results than will the 
experiment proposed by Mr. Burwell, because it 
does not call for a change in either apparatus or 
procedure. The importance of retaining both the 
apparatus and the procedure I used has been 
emphasized at the beginning of this paper. 
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Virtual Masses and Moments of Inertia of Disks and 
Cylinders in Various Liquids 


Yee-Tak Yu 
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(Received August 12, 1941) 


The effective mass or moment of inertia of an object in a liquid may be considerably greater 
than the corresponding value in vacuum. Hence many applied dynamical problems require 
the use of effective rather than actual values. Herein is reported an experimental method, 
making use of a torsion pendulum, for determining the increase or “‘virtual”” moment of inertia 
or mass of an object due to a surrounding liquid. Actual data on disks and cylinders in water, 
gasoline and carbon tetrachloride are given. Experimental and theoretical results are compared 


where possible. 


INTRODUCTION 


iy is an important, yet not-too-well recognized 
fact that the effective mass of an object in a 
liquid is considerably greater than in a vacuum. 
This, of course, is due to the fact that when the 
object is set in motion the surrounding liquid is 
also set in motion. The increase in effective mass 
will be referred to as its “virtual’’ mass. Its 
increase in moment of inertia about any given 
axis will be similarly designated. Numerical 
values of these quantities are, in general, not 
negligible. Indeed, for certain objects such as a 
hollow sphere or cylinder in water, virtual values 
may far exceed actual values. 

There are many dynamical problems in which, 
if all or part of the system is moving with 
acceleration in a fluid, it is very necessary to 
take account of the above-mentioned virtual 
quantities. As a simple example the under-sea 
acceleration of a submarine, for a given force 
applied by the propeller, is considerably less than 
it would be were it not for its virtual mass due 
to the water. The same statement is, of course, 
true regarding the acceleration of a dirigible. In 
the design of lighter-than-air craft the virtual 
mass is taken about equal to the mass of the air 
displaced. In any and all mechanical. systems 
where parts are vibrating in a fluid, virtual 
moment of inertia and mass may be extremely 
important. As a simple example, the period of a 
torsion pendulum may be fifty percent greater 
in water (depending on its size and shape) than 
in a vacuum. Hence it is clear that, from the 
point of view of applied physics and engineering, 
this problem has considerable importance. 
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The following is a brief description of an 
arrangement for the experimental determination 
of virtual moments of inertia and masses and a 
summary of results. obtained for disks and 
cylinders in water, gasoline and carbon tetra- 
chloride. These liquids were chosen because they 
vary widely in density and the viscosity of each 
is low. 


EXPERIMENTAL ARRANGEMENT 

































































The apparatus was essentially a_ torsion 
pendulum (see Fig. 1) consisting of a tightly 
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Fic. 1. Apparatus for the determination of virtual moments 
of inertia and masses in various liquids. 


stretched piano wire P, mounted on a rigid 
frame F, and a thin cross-arm fastened rigidly to 
the wire near its midpoint. Exactly similar disks 
or cylinders DD were fastened at either end of 


( 
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the cross-arm. Since the frame was portable, it 
was easy to submerge the pendulum in any 
liquid. Dimensions of the apparatus and the 
cylindrical tank for the liquid are given on the 
figure. As will be shown in what immediately 
follows, the only data necessary for the deter- 
mination of the virtual moment of inertia of the 
oscillating member and thence the virtual mass 
of either object D are, except for certain con- 
stants, the free periods of oscillation of the 
pendulum in air (assumed to be the same as in 
a vacuum) and in the liquid. 

The period of a torsion pendulum is given by 
the well-known expression 


K b*\3 
T=2r —— , 1 
are, m 


where in this particular case K is the torsional 
constant of the wire, J the effective moment of 
inertia of the cross-arm and parts attached and 
b is the damping factor due to the liquid. The 
quantity 6/27 was determined experimentally, in 
the usual manner, for several cases and (b?/4J*) 
proved to be negligibly small compared with 
K/I for the liquids used. As an example, the 
period of disk A in water was found to be 1.705 
sec. and }/2J equal to 0.11. Applying Eq. (1) we 
find the numerical value of K/I to be about 13.6 
which is approximately one thousand times the 
value of (b?/4/°). Neglecting (b?/4/*) we get 


I.\? Ii\3 
T.=2"(—*) , T1=24(—) ’ (2) 
K K 


where the subscript a indicates values in air and 
l values in the liquid. The virtual moment of 
inertia of the entire oscillating member due to the 
liquid, is given by 





K 
I,=1,-—I,=—(T/?—T,,’). (3) 
4? 

Hence, by merely determining 7, 7; and K the 
virtual moment of inertia of any pendulum ar- 
rangement can be found from (3). In this work 
K was determined in the usual manner by a 
separate experiment. In the course of the experi- 
mental work two wires were used, one in water 
and carbon tetrachloride with K=1.158x105 
and the other in gasoline with K=1.125X105 

dyne cm. 
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It is now clear that the virtual moment of 
inertia of either object D is given by 


3(11—I2)=1,, (4) 
where J, is the virtual moment of inertia of the 
cross-arm alone without DD attached. Using this 


TABLE I. Data for the determination of the virtual mo- 
ments of inertia and masses of disks in water (motion normal 
to face of disk). 

















Tw Te } & r Ie Ie M> 
DisK SEC. SEC. CM CM G CM? G CM? G 

A 1.705 1.475 11.63 1.27 .214X10* 0.965 X 108 7.1 
B 2.000 1.690 11.84 1.48 .214X10* 1.570 X108 11.2 
* 2.310 1.914 12.04 1.68 .214 X10 2.346 X10% 16.2 
D 2.720 2.200 12.29 1.93 .214X108 3.645 X108 24.1 
E 3.880 3.002 12.86 2.50 .214X10* 8.754 X10% 52.9 
F 5.030 3.750 13.36 3.00 .214X10% 16.375 X10 91.7 





value of J,, the virtual mass M, of D can be 
computed with a fair degree of accuracy from 
the relation M,L?=I, where L is the distance 
from the wire to the center of D. Making use of 
(3) and (4) this relation becomes 


if kK 
M,= -| 
L*L8r 


I, is constant for all experiments in a particular 
liquid. 





I» 
(T#—T.1)-—| (5) 
“ 2 


EXPERIMENTAL RESULTS 


Detailed results obtained with lead disks, 3.4 
mm thick and of various radii, in water are given 
in Table I. These data were taken with the plane 
of each disk parallel to the wire (motion per- 
pendicular to the face). Graphs of J, and M, 
plotted as function of the cube of the radius, r, 
are shown in Fig. 2. M, is directly proportional 
to vr’. This is to be expected from theoretical 
considerations which will be discussed later. The 
relation between M, and r is represented by the 
simple empirical relation, 


M,=3.41r'p, (6) 


where p, the density of the liquid, is unity for 
water. 

An analysis of the results obtained with the 
plane of each disk perpendicular to the wire 
shows that M, varies as the square of the radius. 
The empirical equation relating these quantities 
is 

M,=0.4r' p. (7) 
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The experiments described above were re- 
peated in gasoline (p=0.734) and in carbon 
tetrachloride (p= 1.574). In each case the experi- 
mental values of J, and M, were found to be the 
same as those in water multiplied by the density 
of the corresponding liquid. See Table II. Hence 
it is clear that J, and M, depend directly on the 
density of the liquid and for these experiments 
Eqs. (6) and (7) hold for any of the three liquids. 

For the experiments on cylinders, thin-walled 
brass tubing 1.27 cm in radius were used. A thin 
metal disk soldered at the center of each tube 
made it equivalent to two cylindrical cups placed 
base to base. Table III gives the results in water 
when the longitudinal axis of each cylinder was 
placed perpendicular to the wire. Curves 1 and 
2 in Fig. 3 show the variation of J, and M, with 
the length of the cylinder, 4. For the range of 
values of # used in these experiments, M, can 
be represented by 

M,=(7.1+5.1h) p. (8) 

This has considerable significance since (8) can 
be written in the form, 

M,=(3.41r°+ xr°h) p, (9) 

where r is the radius of the cylinder. It will be 

noticed that the first term of (8) is just the virtual 

mass of a disk having a radius the same as that of 


Taste II. Virtual moments of inertia and masses of 
disks moving normal to their faces in gasoline (p,=0.734) 
and in carbon tetrachloride (p,= 1.574). 


ly M, 3Alr'p, I. M- 3.416% pec 
Disk G cM? G G G CM? G G 
A 0.703 X108 5.2 5.1 1.542 X10 11.4 11.0 
B 1.135 X10° 8.1 8.1 2.423 K10 17.3 17.4 
2 1.739 X10* 12.0 11.8 3.625 K108 25.0 25.4 
D 2.704 X108 17.9 18.0 5.758 X108 38.1 38.6 
E 6.533 X10 39.5 39.1 14.182 X10° 83.8 83.9 
F 11.995 10° 67.2 67.6 25.865 X10* 144.9 144.9 


TABLE III. Data for the determination of the virtual 
moments of inertia and masses of cylinders moving parallel 
to longitudinal axis in water (I,=0.214 Xx 10° g cm?). 


CYL- Tw Ta L r h I, M, 

INDER_ SEC. SEC. CM cM cM G cM? G 
A 1.520 1.051 11.63 1.27 1.10 1.658 X10* 12.3 
B 1.810 1.260 11.63 1.27 2.15 2.369 K108 17.5 
c 2.280 1.580 11.63 1.27 4.11 3.856 X 10° 28.5 
D 2.660 1.860 11.63 1.27 6.11 5.180 K 10* 38.3 
E 2.960 2.060 11.63 1.27 8.00 6.519 X10" 48.2 
F 3.270 2.260 11.63 1.27 10.00 8.085 X10* 59.8 
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Fic, 2. Variation of J, and M, with the cube of the radius. 
Motion perpendicular to the face of the disk. 


the cylinder and the second term is just the mass of 
the water contained in the cylinder. 

Results when the longitudinal axis of each 
cylinder was placed parallel to the wire are shown 
graphically by curve 3 in Fig. 3. This straight 
line is represented rather accurately by 


M,=(9.8h—10.1)p. (10) 


Undoubtedly this curve would not continue on 
in the direction of the dotted portion, for 
cylinders of very short lengths (thin disks). 

Experimental results with the cylinders in 
gasoline and carbon tetrachloride were again just 
the same as those in water except for the proper 
density factor (see Table IV) so that Eqs. (9) 
and (10) hold for any of the liquids. 


COMPARISON OF RESULTS WITH THEORY 


Considering the kinetic energy imparted to a 
liquid by the motion of a body through the 
liquid, Lamb! has obtained theoretical expres- 





1For results here given see Horace Lamb, Hydro- 
dynamics (Cambridge University Press, 1906), third edition, 
Chapter V, pp. 102-150. 
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sions for the virtual mass of variously shaped 
objects. His theoretical relation for the virtual 
mass of a disk of radius 7, where motion is per- 
pendicular to the face, is 


8 
M,=-r'*p 
3 


(11) 


and for the virtual mass per unit length of a 
cylinder of radius 7, where the motion is per- 
pendicular to its longitudinal axis, he obtains the 
relation, 


(12) 


The theoretical results of Lamb are based on the 
assumption of a “perfect’’ non-compressible 
liquid which extends to infinity in all directions. 

Except for a constant factor, experimental 
values of the virtual mass of a disk moving per- 
pendicular to its face agree well with the results 
of Lamb. Comparing Eqs. (6) and (11) it is seen 
that the experimental values are about 1.28 


M,=rnr'p. 
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Fic. 3. Variation of J, and M, with h for a cylinder in water. 
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times greater than corresponding theoretical 
values. This may be due in part to the fact that 
water is not a “‘perfect’’ liquid and that the 
vessel was by no means infinite in extent. 


TABLE IV, Virtual masses of cylinders with motion parallel 
to their axes in gasoline and carbon tetrachloride. 








CyL- My (3.4173 +-27r*h) pg Me (3.4173 +27°h) pe 
INDER G G G G 

A 9.2 9.2 19.8 19.8 

B 13.0 13.1 28.2 28.2 

Cc 20.9 20.4 43.2 43.8 

D 27.9 27.9 59.9 59.9 

E 35.1 34.9 75.0 74.8 

F 44.2 42.3 92.0 90.8 











No known theoretical relations are available 
with which to check the other results herein 
reported. However it might be expected that the 
experimentally determined increase in M, per 
unit length of a cylinder moving perpendicular 
to its longitudinal axis could be compared with 
Eq. (12). By (10) this increase is 9.8 which is 
about twice the value of wr*p for the particular 
size of cylinders used. Considering the fact that 
the cylinders were hollow and thus filled with 
the liquid, this result checks very well with the 
result of Lamb. 


CONCLUDING REMARKS 


The method herein presented lends itself 
readily to a rapid and accurate determination of 
virtual moments of inertia. Indeed the virtual 
moments of inertia of any object of any shape 
substituted for the cross-arm of Fig. 1 can be 
determined at once. For long cross-arms the 
method employed undoubtedly yields good 
values of virtual mass for the objects DD. 

Besides giving actual data with corresponding 
empirical equations, which it is hoped will be of 
service in applied problems of physics and en- 
gineering, the results here reported verify the 
general theoretical conclusions that, the virtual 
mass of an object depends on: (1) its size and 
shape; (2) the density of the surrounding liquid; 
(3) The direction in which it is moved relative to 
certain axes taken in the object. In addition to 
1 and 2, the virtual moment of inertia of an 
object depends, of course, on the axis about which 
it is taken. 
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Innovations in Instruments 








X-Ray Film Processing 


Recent development in Westinghouse x-ray equipment 
is a compact, portable unit, no larger than a trunk, for 
processing x-ray pictures. Better equipped than the con- 
ventional darkroom, it has means of heating and cooling 
solutions to the standard 65 degrees Fahrenheit. A lower 
section houses a motor-driven compressor similar to a 
household refrigerator, a 1200-watt immersion heater, a 
small water-circulating pump, and controls. Resting on 
this base is a 50-gallon tank in which hang developing and 
fixing tanks with a safelight and timer attached. The 
upper section weighs 150 pounds, the lower one 225 
pounds, so that either can be handled by two men and can 
be put into service wherever a 115-volt, 60-cycle circuit is 
available. An auxiliary cabinet of the same size can be 
used as a separate adjunct when greater washing capacity 
is needed. A cooperative development with Major A. A. 
de Lorimier for the United States Army for processing 
x-ray films, the equipment obviously has other uses. 


New 15-Watt Amplifier 


A newly-developed 15-watt amplifier, which achieves an 
increase in operating efficiency when compared with an 
earlier model it replaces, has been announced by the RCA 
Manufacturing Company. 

While rated at 15 watts, the new unit is capable of 21 
watts of output as a maximum. At its rated output, dis- 
tortion is less than 3} percent. Provision is made for micro- 
phone and phonograph inputs, the former at 560,000 ohms 
and latter at 500,000 ohms. A terminal board is provided 
for making output connections. Separate volume controls 
are supplied for the microphone and phonograph inputs. 
A continuously variable tone control and voice-music 
switch are also incorporated in this amplifier. Gain of 
125 db is provided for the microphone input, 85 db for 
phonograph. Frequency response is from 30 to 10,000 
cycles. Dual control intro-tube mixing is another feature 
of the new unit. The fuse is easily accessible. A microphone 
plug is furnished with the unit. 

Nothing has been sacrificed to appearance in the 
amplifier, which is designated as Model MI-12222. It is 
housed in an attractively styled cabinet of modern lines, 
painted a neutral gray. Its dimensions are 143” long, 
82” deep, and 8}” high. 


Microphotometer 


A rapid and convenient method for analyzing spectro- 
graphic plates or films in research and industrial labora- 
tories is provided by a new recording microphotometer 
recently announced by Leeds & Northrup Company, 4934 
Stenton Avenue, Philadelphia, Pennsylvania. Because the 
plates or films are mechanically scanned by a motor- 
driven scanning unit, and the relative positions and 
densities of spectrum lines are automatically recorded by 
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an L & N Speedomax recorder, this new recording micro- 
photometer eliminates the eyestrain and “human equation” 
of visual methods, and does away with the delays and 
limitations of photographic processes. Quick determina- 
tions of elements present in small percentages are made 
possible by pen-and-ink records of standard and test 
spectrograms drawn at high speed on one chart. 

Designed to accommodate plates or films as large as 
4 inches high by 10 inches wide, the scanning unit includes 
on a heavy cast base, an optical system, a plate stage, 
a drive mechanism for the plate stage, an a.c. operated 





amplifier and all necessary controls grouped at a con- 
venient location. In indicating and recording relative 
positions and densities of spectrum lines, the response of 
the Speedomax recorder to density changes is so immediate 
and so rapid that in less than 1.5 second the pen moves 
from one position and comes to rest at its new position 

even across the entire width of the 9-inch chart. Pen 
position can be read at a glance on an indicating scale as 
the record is being drawn. No unusual skills are required 
to operate this new microphotometer. Anyone familiar 
in a general way with instruments can quickly learn to 
use it. 


Aluminum for Defense 


Many tons of aluminum have been freed for use in the 
National Defense Program by the success of the RCA 
Research Laboratories in perfecting a new 16-inch fire- 
resistant, paper-core recording blank for use in radio 
studios, airline terminals, and other locations where sound 
is recorded for “reference’”’ purposes. 

W. W. Early, RCA Victor Manager of Recording and 
Record Sales, announced the new disk, at the same time 
pointing to the fact that it is thinner and lighter than the 
aluminum-core blank, and is being sold at one-half the 
price of the old type. 
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